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A GENERAL CONDITION FOR AN EXTREMUM OF A GIVEN 
FUNCTION OF THE MEAN~SQUARE ERROR AND THE 
SQUARED MATHEMATICAL EXPECTATION OF THE 
ERROR OF A DYNAMIC SYSTEM 


N. I. Andreey 
(Kharkov) 


The derivation is given for the condition for an extremum, and 
also for the greatest or least value, of some function f of the mean- 
square error and the squared mathematical expectation of error in ap- 
proximating a random function, The general condition obtained is 
applied to the problem of choosingan optimal nonlinear integral op- 
erator, The paper is based on the ideas and results presented in (1-4). 


The determination of the optimal characteristics of an automatic control system is usually connected with 
the necessity of finding an optimal system operator which provides an extremum of some criterion, In many 
practical problems it is advantageous to choose as the criterion for comparing various systems some given func- 
tion, f, = fy(p, D), of the squared mathematical expectation, p, and the dispersion, D, of the error at the system's 
output, 


In what follows it is more convenient to work, not with the dispersion, but with the mean-square error, 
which we shall denote by q. The function f, (p,D) is transformed correspondingly to the function f(p,q). 


It is interesting to pose the problem in the following manner, As the result of observations, let it be re- 
quired to approximate the random function X(t) by the random function Y(t), In order to implement the approx- 
mating function Y(t) as a result of observations on X(t), it is necessary that the random function X(t) be sub- 
jected to some transformation (for example, be transformed by means of some automatic control system), If 
we denote the operator of the transformation by A, we can give the following formulation of the problem of 
approximating the random function: to find such an operator A for which F)p,q) will attain an extremum 


9) = fextes (1) 


p= g=M (s)— AX 


Relationship (1) must hold for all values of the variable s lying in some region S, 


For each given value of the argument s, the random functions Y(s) and AX(t) are random variables, It 
is therefore advantageous to first consider the simpler problem of approximating the random variable Y by the 
random variable Z lying in a given set, L, of random variables which does not contain Y. For this, we assume 
that the set L is a linear space, i.e., if Zy,..., Zn are random variables lying in the set L, then the random 


variable Z = CyZ4 + «+. + CpZpn lies in the set L for any n and for any non- 


YY, Yff YY 2, pose the problem: to find that ran- 
G 9) = fextr- 


where 


=a 


p=(M(¥—Z)P. —2Z)'). 


The values of the variables p and q vary within some region G 
Fig. 1. which, for a given random variable Y, is defined by characteristics of 
the set L of random variables Z. 


The function f may have extrema inside region G, and greatest and least values on the boundary of G. 


The values pe and qe for which function f attains extrema are determined as solutions of the system of equa- 
tions 


of of 


if the function f is differentiable with respect to p and q. Conditions (3) are necessary conditions that the func- 
tion f attain an 1 extremum for P =P, and q= qe. The function f can also reach extrema at points inside region 
G at which one, or both, of the partial derivatives 9 f/ap, af aq/does not exist. 


In seeking a solution of the system of equations in (3), we may write the necessary conditions for an ex- 
tremum of the function f in the form 


PP SE, (3a) 


where pe and q, are known constants, 
In the general case, equations (3a) do not have unique solutions, 


In practical problems, great interest usually inheres in the greatest, or least, values of the function f. 
To find these values of the function f, we first determine the boundary, I, of region C (see Fig. 1). For this, 
we take several values of the mean-square error q = c and for these fixed values of q we determine the ex- 
tremum (extrema) of the squared mathematical expectation p = pj (c), i = 1,...,.k (Cf. Fig. 1). The values 
q = c, p = pj (c) have corresponding to them the points I (c) on the boundary I’. By giving different values to 
the parameter c, one can obtain all the points on the boundary I, The problem of finding the extremum p 


with the condition q = c reduces, in our case [5], to the prob’em of finding the unconditional extremum of the 
sum 


p +Aq, (4) 
where X is defined by the condition q(A) = c. 


In the problem here, it is not necessary to seek the values of the artificially introduced parameter \, 
corresponding to q = c, since we are not interested in any given concrete value of the dispersion q. It is neces: 
sary for us to find the relationship giving p and q as functions of A along the boundary I of region G, This 
relationship will be found if we obtain a method for finding the extrema of expression (4) for various vale « f 
the parameter X. After the relationships p = p (A) and q = q (A) have been found, the greatest and least values 
of the function f are determined as extrema of the function @ ()): 


= 
(5) 
* The notation ZG L means that Z lies in L (Z belongs to the set L). 
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Seeking the extrema of the function @ is done by the ordinary methods of mathematical analysis. 


Thus, in order to determine the boundary I of the region G, it is necessary to develop a method of deter- 
mining extrema of the sum p+ Aq, where A is a parameter whose region of variation depends on the conditions 
of the concrete problem, 


We first consider the case A = 0, and obtain the corresponding condition for the minimum of the sum 
p+Aq. For this, it is necessary to find that random variable Z € L for which the inequality 
[M — Z)P + — — + — (6) 
holds for any UL. 


By following the method of V. S. Pugachev [1, 2], we consider the equation 


[M (¥ —U)}? + 4M ((¥ — U)*] = — Z)}* + 
+ 2M — Z)?] + [M (Z — U)}? +- [(Z — U)*] + (7) 
+ 2M —Z)M(Z—U) + 2M [(¥ — Z)(Z—U)}. 


which is valid for any random variables Y, Z and U. Let there be a random variable Z such that, for all ran- 
dom variables U€ L, 


M — Z)M(Z—U)+M [((¥Y —Z)(Z—U)} =0. (8) 
Then, for any random variable U€ L, equation (7) takes the form 


— +- 4M — U)?] = [M — Z)P + 


(9) 
+ XM — + (M (Z—U)P + 


For X = 0, inequality (6) follows from this equation since, in this case, 


(Z — U)P + [(Z— UP] >0. 


Thus, for A = 0, expression (8) is a sufficient condition that inequality (6) hold, 


We now prove that condition (8) is also necessary for inequality (6) to hold for all U€ L. We assume that, 
for some random variable U, €L, 


M (Y — Z) M(Z—U,) + 4M [((¥ — Z)(Z—U,)} £0. (10) 
We set 
U.=Z+4(U,—Z). (11) 


where a@ is an arbitrary parameter. The random variable Ug lies in space L since, by definition, L is a linear 
space, 


For U, we have 
M(Z—U,)=aM(Z—U,), M{(Z—U,)*] =a*M [((Z—U,)'). 
M (Y—Z)M (Z—U,) —Z)(Z—U,)| = 
= a({M (¥ —Z)M(Z—U,) + — Z)(Z2—U,)). 


Equation (7) takes the form: 


[M (Y — U,)}? + 4M [(Y — U,)*| = (Y — Z)}? 4- — Z)*] +- 
+ {{M (Z—U,))? + 4M [(Z — U,)*}} + (12) 
+ 2a {M — Z) M (Z—U,) + 2M — Z)(Z—U,)). 


It is clear from this that, for all values of the parameter a which are opposite in sign to the quantity 


M (Y —Z) M(Z—U,) [(¥ — Z)(Z—U,)} 


and which are sufficiently small, 


[M (Y — + 4M [(¥ —Ua)?) < — + 4M [(Y —Z)*}. 


This proves that condition (8) is necessary for inequality (6) to hold for any U € L. 


We have thus proved that, for 4 = 0, condition (8) is a necessary and sufficient condition for a minimum 
of the sum p + Aq when the random variable Y is approximated by a random variable Z € L. 


Equation (8) may be rewritten in the form 
M (¥ —Z) MV + 2M [(¥Y — Z) = 0. (13) 


where V is an arbitrary random variable of the set L. 


It is easily seen (1, 2) that if the set L contains two random variables Z,; and Z, which satisfy condition 
(8) for all random variables U, L then, with probability one, these random variables are equal to each other. 


We now consider the random function X(t) and some set R of operators which transform functions of the 
argument t into functions of the arguments. The arguments t ands vary, respectively, in the region T and S. 
As a result of transforming the random function X(t) by all the | operators of the set R one obtains a set of random 
functions of the argument s and, for each given value of the argument s, a set of random variables. In order 
that the results obtained above be applicable to this set of random variables, it is necessary that this set be a 
linear space. For this, the set of operators must itself be a linear space (Cf.[2]). _ 


We now return to the problem posed at the beginning of this paper: to find, in a given class of operators, 
an operator A such that condition (1) will hold for each given value of s, where it is assumed that the set of 
operators, lying in a given class R, forms a linear space, In the case, of great practical significance, when the 
function f attains a greatest, or least, value on the boundary of the region of variation of p and q, the first step 
in the search for an optimal operator is to determine a necessary and sufficient condition for,an extremum of 
the expression p+ Aq. To obtain this condition, we denote by A the optimal operator for which p + Aq has an 
extremal value and by B an arbitrary operator of class R, Then, by substituting in (13) 


Y=Y(s). Z=AX(t). V=BX(t). 


M (s)— AX M [BX (t)|+ 2M (IY (s)—AX (t)| BX()} =0 (BER). (14) 
For \ = ®, equation (14) coincides with the equation obtained by V. S. Pugachev [2]. 
On the basis of what was proven above for A = 0 (A =~—1), comdition (14), which must hold for any 


| 
| 
[ 
| 
| 
we obtain 
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operator BE R, is necessary and sufficient that operator A realize a minimum (maximum) of p + Aq for any 
s€S. This operator A depends on \ as a parameter, 


The greatest and least values of the function f(p,q) are determined as extrema of the function in (5): 


where p(A) and q(A) are defined by formulae (2). 


We now write condition (14) for the particular case when the random function Y(s) is expressed by means 
of the operator 


Y (s) (t), t, s)dt,. 


and the nonlinear operator A has the form 


AX (t) =\9(X (1), t, s)dt, as) 
T 


where 9(z,t,s) is a given function, ¢(x,t,s) is an arbitrary function and X(t) and Z(t) are random functions. 
It is easily seen that the class of operators of the type in (16) is a linear space. 


To derive the equation which defines the optimal operator of the form shown in (16), we write the gen- 
eral equation (14) in the form 


M [¥ (s) — AX (t)| M [BX (u)] + 
+ {M [Y (s) BuX (u)] — M [A; X (t) By X (u)]} = 0. (17) 


Equation (17) must be satisfied by any operator B of the type given in (16). Consequently, we must set 


ByX (u) = (w). wy du. (38) 
T 


where # (x,u,s) is an arbitrary function, 
By taking (15), (16) and (18) into account, we may write 


(s) — AX (t)] M [B.X (u)] = \ O(z, t, s)f.(2, t)dzdt— 


Q—o 


t, 8) fx (@. u, 8) u) dedu. 


M (s) By X (u)) du dt t, s)p(x, u, $) fex (2,2, t, u)dzdz. 


M [A,X (t) By X (u)] = de s) 


u, 8) fae (a, 2’, t, u)dedz'. 


aw 
| 
: 
(20) | 
(21) 
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where fz(z,t) and f,(x,t) are the one-dimensional probability densities of the random functions Z(t) and Z(t), 
fzx(z,X,t) is the two-dimensional joint probability density of the random functions Z(t) and Z(t), and t") 
is the two-dimensional probability density of the random function X(t). 


If we substitute expressions (19), (20) and (21) into equation (17) and take into account the arbitrariness of 
the function ~(x,u,%), we obtain the equation 


(0%. t. 8) fe (z- t. 8) fe (2. t) 4 fa (x. u) + 


“Eh 6 (z. t. s) frx (z. 2. t. u) dz — t. S) fax (2. 2. t. u)dz| =0 


—c 00). 


(22) 


Equation (22) defines the characteristic function, ¢(x,t,s), of the operator of the form in (16) which 
realizes the extrema of the expression p + Aq when the random function Y(s) has the form given in (15). For 
A = ®, equation (22) coincides withthe equation obtained by Zadeh [6, 7]. 


We spoke earlier of determining the parameter ) corresponding to the extrema of function f. 


In this paper, we considered the case when all the functions to be investigated are real. There is no parti- 
cular difficulty in making the transition to the case when the functions are complex. 


It should be mentioned in conclusion that the function f(p,q), the criterion for comparing different opera- 
tors, should be chosen by taking into account the peculiar features of the individual concrete case, This means 
that, in general, the method of successive approximations will be employed. 

SUMMARY 


There is deduced the condition of the extremum, of the maximum or minimum values of a certain func- 
tion f , of the mean-square error and of the mathematical expectation square of the error of approximating the 
random function, 


The determined general condition is applied to the problem of how to choose the optimum nonlinear 
integral operator, The paper is based on the ideas and the results of [1-4). 
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METHODS OF ANALOG COMPUTER SOLUTION OF LINEAR 
DIFFERENTIAL EQUATIONS WITH VARIABLE 
COEFFICIENTS 


I, Matyash 
(Pardubice , Czechoslovakia) 


Two methods are described for the solution of linear differential equa- 
tions of the type in (1) with variable coefficients by means of analog com- 
puters, The methods are illustrated by examples. 


INTRODUCTION 


In this paper we consider the solution of nonhomogeneous linear differential equations of the form 


i=0 


WhEFE a, AjyeresAns Dy sdy,0--sDp, are definite functions of time with derivatives up to the required order, v is an 
arbitrary given function of time such that the right member of the equation is meaningful, and u is the solution 
of equation (1). 


Various problems in the domain of control, filtering problems and many others which today attract the 
attention of numerous specialists, lead to equations of type (1). With the exception of certain special cases, 
solution of an equation of the type (1) by simple integrations (quadratures) is impossible (cf, [1]), and must be 
sought by other methods, One of the most acceptable methods is that employing analog computers, 


The literature already contains quite detailed descriptions of methods of solving linear differential equations 
with constant coefficients by means of analog devices (for example, [2,3]). At the same time, block schematics for 
the analog setups for solving equations with variable coefficients can be found only in individual cases (Cf.[4,5]). For 
the case when m = 0, there are described setups consisting only of integrators, adders and blocks for varying the coef- 
ficients. However, in the cases when m 2 1 {when derivatives of the function v(t) appear in the right member of equa- 
tion (1)], the setups, in the majority of cases also contain differentiators (Cf. [5]) for constructing the required deriva- 
tives of the function v(t). 


It is well known from the literature on analog devices that differentiators are undesirable as solving elements, 
since they lead to essential errors, In{2~4] there are described methods for solving equations of the type of (1) with 
constant coefficients which exclude differentiators from the setups, But, unfortunately, these methods are not appli- 
cable to the solution of equations with variable coefficients. In[4], equation (1) is replaced by an equivalent system 
of first-order equations which is easily solved by means of an analog setup without differentiators, 


Below are described two methods for solving differential equations of the form in (1) with variable coefficients, 
without any necessity of using differentiators in the setup, 


The block schematics of the setups consist only of integrators, adders and blocks for varying the coefficients, 
Figure 1 shows the symbols used for these solving elements, We assume that the transmissions coefficients of the 
integrators and the adders all equal — 1 (this is the case which corresponds to an electronic analog computer). 
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for an integrator (Fig. 1,b) 


i=} 


for a block for varying coefficients (Fig. 1,.c) 


Yo (t) = c(t) ys (2). 


1, First Method 
We denote by L and M the linear differential operators: 


L= 


M =>} 
i=0 


Equation (1) can be written in the form 
L [u] = M {v}. 


We then define two subsidiary operators; 


a’ 


at 


L, %(t) 
i=0 


i=0 


yo(t) = — 


. Then, the input and output quantities of these solving 
it) elements satisfy the relationships: 
: y for an adder (Fig. 1,a) 
a b c 
Fig. 1 


yo(t)= — y(t). 


(2) 


(3) 


(4) 


(5) 


(8) 


where a(t) and B,(t)(i = 0, 1, 2,...m) are as yet undefined functions of time. 
We now fabricate the analog setup (Fig. 2). The quantities V, (k = 0, 1, 2,...m—1) at the integrator out- 


puts satisfy the equations 


Vo= — Ont — 


(7a) 


— = + + (A =1.2.....n—1). 


— == ott + ov. 


(7b) 


(Tc) 


| 
| 
| 
| 
| 
| 
= 
| | = 
| 
= 
| | 


Consequently, 
k 
After substitution in (7b) we obtain, finally, 


(— (ajay = — (— 1)i(B, (9) 
j=0 


j=0 
It follows from this that the scheme of Fig. 2 solves equation (9). 
We now denote by Lj the operator adjoint to operator L,: 


i=o 


and by My the operator adjoint to My: 


M;[v] = (— 


i=0 


By substitution we obtain equation (9) in the form 


= — Mj (10) 


By comparing the right and left members of equations (4) and (10) we obtain 


L} {uj = L fu). (11) 
— Mj [v] = M 

By virtue of (1), 
(K*y = K. (13) 


where K is any linear differential operator, equations (11) and (12) may be written in the form 


| 
| 


(14) 
L, = L*[u), 


M, = — M* [v}. (15) 


It follows from this that, to solve equations of the type of (1) by the method described (Fig, 2), it is neces- 
sary that the blocks for varying the coefficients implement the coefficients a;(t) and 6 (t) (i = 0, 1,...n) of the 


adjoint expressions of the left and right members of the given equation. These coefficients are defined by equa- 
tions (14) and (15). 


Since both differential expressions, the original and the one adjoint to it, are both of the same order, we 
obtain first of all from (15) 


Bmye(t)=O0 (k=1.2,....n—m) 


(16) 
and then 
Bm (-- 1)" ban, 
= (— 1)™ + (—1)"—1 
(17) 
i.e,, more generally, 
A 
In an analogous manner we determine the coefficients a; (i= 0, 1,...,m) from equation (14): 
Ln = (-- 1)"a,,. 
= (— 1)" nay -+ (— 1)" (19) 
and, more generally, 
n—i kt 
= (—1) (k= 0.1.2....,n). (20) 
2, Second Method 


We now describe another method for solving equations of the type in (1) by means of analog devices. 
This method is a generalization of the well-known setup for the case m = 0 (cf, [5}) to the case 0 sm <n, 
We construct the block schematic for the setup for the method being considered (Fig. 3a or 3b). The quantities 
Vi (k = 0, 1, 2,...,m) in this scheme satisfy the relationships 


Vo=—U+ InP. 
— Van = Vie + (— 1) (21b) 


Consequently, 
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k 
Va = (— + (— = (22) 
s=0 


According to Fig. 3, the analog device solves the equation 


n—1 
a,V,=> — (- (23) 


k=0 


By substituting from (22) we get 


n 


Fig. 3 


The left member of equation (24) coincides with the left member of (1), In order that the analog device 
(with setup as in Fig. 3a or 3b) solve equation (1), it is necessary that the right side of equation (24) also coin- 
cide with the right member of equation (1), Thus, we obtain the condition 


i 


i=0 s=0 i=o 


By comparing the expressions for v, v‘, v",... in the left and right members of equation (25), we obtain 
for Ym +1° Tm + 


(t)=0 (k= 1.2.....n—m) an 


and, for 74, Y2.+++sY mm» the system of equations 
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anim = bs 


(27) 
+ + -+ (m — 1) + Ym) + 
m(m—i)_* 
+ Ym = bm—s. 
This system may be written in the form 
k +i)! 


Thanks to the triangular matrix of this system of equations, the coefficients y ,,, Y m-y****7 9 Can be 
computed step by step: 


1 
= —, = [bm—1 — @n—1 Ym An 
a, a, 


= — [bm — Ym — (m — 1) + On—1 — (29) 
m (m — 1) 


In [4] ($5, 2), the equation of the form in (1) is replaced by the equivalent system of first-order equa- 
tions, One easily convinces oneself that each integrator of the circuit in Fig. 3a, or Fig. 3b solves one of the 
equations of this system. The functions F,.),(t) in this system of equations coincide, obviously, with the vari- 
able coefficients y(t). Formula (28) coincides with equation (16) in[7]. From a comparison, we obtain the 
important relationship 


a) W (t,t) 
Yn—1-J (t)= [ ani (30) 


where W(t, r ) is the impulsive response function corresponding to (1). 


In solving the problem of optimal filtering, and in analogous cases, the problem can frequently arise of 
implementing a linear system with variable coefficients in accordance with a given impulsive response function. 
Works (6, 7] are devoted to the problem of determining the coefficients of a differential equation from the 


impulsive response function corresponding to it. 


It is clear from equation (30) that, for the block schematic of a setup by this method, it is not necessary 
to compute the coefficients bj (i = 0,1,...,m) of the right side of equation (1), but only the coefficients a; 
(i = 0,1,...,m) of the left side, which*makes the task easier. The coefficients y,; (i = 0,1,...,m), required for 
solving a problem by this method, are obtained from equation (30) by differentiating the impulsive response 
function, 


Obviously, the order of the right side of the equation, corresponding to the given impulsive response func- 
tion, determines the number of zero derivatives in the right side of (30). According to[7), it follows from (26), 
(29) and (30) that the first nonzero derivative will be the j'th derivative, where j = n—m-1, 


If m = n, then j =—1, In this case, the function W(t, r ) contains the term y p(y) 6 (t— Tr), where 6 is 
the unit pulse function, 


But in the majority of practical cases, m < n, In these cases, it is possible to construct the first of the 
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tly, 


“Ay. 


Fig. 4 


setups cited above (Fig. 4). In case m = 0, this circuit, ob- 
- viously, coincides with a well-known circuit (Cf. [5]). By 


a the same method it is also possible to construct the scheme 
shown in Fig. 3b, 
| ie The method described is a variation of the method in 
[4]. However, the present work includes the derivation of 
@) relationship (30), determining an important property of the 
coefficients y;,(t) of the setup. 


Fig. 5 3. Examples, 


We now present an example for each of the methods 
described, In the first example we determine the setup for a given equation by means of the first method, and 
in the second example we determine the setup by the second method for a given impulsive response function, 


Example 1, It is required, by means of an analog device, to solve the differential equation 


It is necessary first of all to determine, by formulae (4), (14) and (15), the expressions adjoint to the left 
and right members of this equation: 


— M, |v] = [v] = — 


From this we determine the coefficients a; and 6;: 


From Fig. 2 we obtain the block schematic for solving the given problem (Fig. 5). This block schematic 
can be formed by different methods and from these similar circuits can also be found, In order to realize the 
blocks for varying the coefficients by means of multipliers with servo systems, the most advantageous circuit is 
the one shown in Fig. 6. The constant coefficients in this scheme can be implemented by means of the trans- 
mission coefficients of adders and integrators, The multiplication of the quantities u(t) and v(t) by the variable 


coefficient 1-e ad can be implemented by one multiplier with two potentiometers, 


The second method would not work in this case since the coefficients 
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tend to infinity for t + 0. 


Example 2, It is required to reproduce, on an electronic analog computer, the system with variable para-~ 
meters whose impulsive response function has the form 


W (t.7) = t? 4 — 
Obviously, n= 3, The fundamental system of the homogeneous equation is 


For the coefficients of the left member of the equation, by [6] or [7], we obtain 


2. =—2t. ag= ag= + 2t + 2. 


The coefficients y 9, 73,.. we determine in accordance with equation (30): <4 
-t! 
-t? “tt 2 : 
Fig. 7. 3 | Fig. 8 


The biock schematic of the system with the given impulsive response function is shown in Fig. 7. We 


obtain a setup similar to the one we had in example 1 (Fig. 8). Four multipliers are required to implement 
this scheme. 


i 
q 
| 
| 
| 
q 
| 
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One easily convinces oneself that reproduction of the system by the first method is, in this case, less satis- 
factory, due to the necessity of including adders in the setup and the more complicated realization of the vari- 
able coefficients, 


Note, Every impulsive response function for a linear system may be written in the form of a sum of prod- 


2) = >) (O& 


i=1 


Each term f;(t)gi(r ) (i = 1,2,+00.4) cam be considered as the impulsive response function corresponding to 
a first-order differential equation, 


Thus, starting from a given impulsive response function W(t,r ), a system with variable parameters may 
also be presented as the parallel connection of q first-order systems (Cf. [6]). 


If the functions f,(t) (i = 1,2,....q) and the functions g;(r ) (i = 1,2,+6,q) are linearly independent, then q 
is the least number of these first-order systems, 
SUMMARY 


This work described two methods of solving linear differential equations of the form of (1) with variable 
coefficients by means of analog devices, where no differentiators were used in the setups, 


With zero initial conditions on the integrators, we obtain, at the scheme's output, the solution of equation 
(1) defined by the expression 


t 
u(t) = \ W (t, t) v(t) de. 


—co 


We obtain any other solution when the initial conditions on the integrators are not zero (this is proven in 
[4}). 


From the point of view of the number of operations necessary to compute the coefficients which must be 
realized, the first method will be better in the majority of cases, when it is necessary to implement a system 
withvariable parameters for a given equation, and the second method will be better when a system must be re- 
produced from a given impulsive response function. 
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ON THE PROPERTIES OF THE IMPULSIVE RESPONSE FUNCTION 
OF SYSTEMS WITH VARIABLE PARAMETERS 


V. Borskii 
(Pardubitse, ChSR) 


A definite class of functions of two variables is considered as to the 
use of their properties for solving the problem of determining a linear dif- 
ferential equation from a given impulsive response function, and conversely. 


In many cases of solving automatic control problems, the necessity arises of investigating systems with 
variable parameters. A linear system whose parameters are functions of time is described by a linear differen- 
tial equation with variable coefficients, The analysis of such systems is the main topic of the works of L. A. 
Zadeh (1-6). 


The behavior of physical systems as functions of their input excitations can be expressed by means of their 
impulsive response functions, In certain cases, for example, in the synthesis of optimal filters, the impulsive 
response is given and it is necessary to determine the equation corresponding to it. A similar problem was 
solved by A, M. Batkov [7], However, the method described by him for determining the right member of the 
equation sought is attended with great difficulty, Moreover, in formulae (4) of that paper, giving the initial 
conditions, there are essential errors (cf, Corollary 2 to Theorem 4 of the present paper) and the assertion that 
Formula (6) is a solution of Equation (5) is invalid. 


In the present work are presented formulae which allow, with comparative facility, the differential equa- 
tion to be determined from a given impulsive response. Also obtained are general properties of the impulsive 
responses which, for greatest clarity, are given in the form of theorems, 


Properties of the Impulsive Responses 


Let there be given a function of two variables, W(t,r ), continuous in the interval considered and with con- 
tinuous partial derivatives of all orders which enter into our formulae. 


We use the notation 
Woo (t. t) = W (t. 2). 
Walt.) = owt 2). 


t) = Ww tt 


(1) 


gi 


a k 
ax} ai + &) W (t, 


4 
| 
| 
| 
4 
| 
| | 
4 
| 
q 
| 
| 
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Definition 1, A function of two variables, W(t,r ), will be called an n'th-order degenerate function if t 
there exists an integer, n, such that 


Woo (t. t) Wa (t. eee W (t. t) (2) 
Wo Wu t) W (t. t) 
W oo (t. t) Wo, (t. t).. Won (t. 7) 
W 0 (t. t) Wi (t. t) eee Waa (t. t) Se 0. (3) 


Wg (t. t) Woy (te «Won (ty 2) 


In the present work, the function W(t,r ) will always be considered to be n‘th-order degenerate, 


Theorem 1, There exists one, and only one, homogeneous linear n'th-order differential equation 
n 
>} a; (t) = 0 (4) 
i=0 


such that the functions Woj(t.r ) (j = 0,1,....n-1) constitute a fundamental system of solutions for any value of 
the variable r , considered as a parameter, 


In view of the fact that, by virtue of relationship (3), the function jg (t,t ) (i = 0,1,....m) of the argu- 
ment r, for any t, are independent, there exist continuous functions aj;(t) (i = 0,1,...,m) such that 


> a; (t) Wi; (t,t) =0 (j = 0,1,..., (5) 


i=o 


These relationships are a homogeneous system of algebraic equations for the functions a;(t) which, in 
view of (2), have a unique (linearly independent) fundamental [8] solution, 


In accordance with (2), the functions Woj(t.t ) (j = 0,1,...5m) and r, for any t, are independent, and may 
be considered as a fundamental system of solutions of equation (4), 


Corollary to theorem 1, Each n'th-order degenerate function of two variables, as a function of t for any 
t , is the solution of an n'th-order linear differential equation whose coefficients do not depend onr. This 
equation is unique. 


Theorem 2, Each n'th-order degenerate function of two variables consists of a sum of products 


W (t,t) = 


j=1 


where the Uj (t) (j = 1,2,...,n) are linearly independent functions of t and the 9j(T ) G = 1,2...) are linearly 
independent functions of r. 


Since, according to the corollary to theorem 1, the function W(t,r ) is a solution of the homogeneous 
equation (4), it may be expressed by means of any fundamental system of solutions of this equation[9). Let 
uj(t) (j = 1,2,...,n) be a fundamental set of solutions of equation (4), We determine the functions #50 T ), Satis- 
fying equation (6), from the system of equations 


n (7) 
9, (2) = Wilt, (§=0,4,..., n—4, 
j=1 


which, by virtue of the independence of the functions uj(t), has a unique solution, In (2), the functions Wi9(t,r ) 
(i = 0,1,...,m*1) are independent, so that it is obvious from equation (7) that the functions 9j( 7) (J = 1,2,000M) 
are also independent. 


q 
W (t. t) = (8) 


is degenerate. 


a The order of degeneracy, n, of the function W(t,r ) equals q (n = q) in those cases when the functions 
[ f;(t) (1 = 1,2,.0.q) and the functions q;(r ) (i = 1,2,....q) are independent; in the remaining cases, n < q. 


The proof follows from definition 1. 
Theorem 4, Let there be given a linear differential equation 


ai (t) u(t) = (t) v(t) (m<nn). (9) 


where a,(t) and bj(t) are continuous functions in the interval considered and have continuous derivatives up to 


the required order and v(t) is any function for which the right member of equation (9) is meaningful, Then, 
there exists one, and only one, function of two variables, W(t,T), such that 


u(t) = \ W (t, t) v(z) de (10) 


—oo 


is a solution of this differential equation, = 
We first differentiate equation (10) n times with respect to t: 


W ag (t. t) v(t) dt. + (t) v(t) + Coq (t) v’ (2). (11) 
u(t) = \ Wr (t, t) v(t) dt + >) Cuy (t) 
u=1 


The functions cy y(t) are defined by the recursion formulae 


Cuy (t) = Woo (t. t) for p= Vv. 
(12b) 


(v) = Molt. 1) v(t) de -+ (t) v(t). 
q 
4 
| = 0 
| 
| 
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(12c) 
Cuv(t) = (t)+ (t, t) for 


or, more generally, 


Cyy(t) = 2 t). (13) 


is a binominal coefficient ( cf. also formula (30) in the Appendix), 


By substituting expressions (11) in the left member of equation (9) we obtain 


t n i 
| (t) + as (t) cue (t) (4) = (14) 
j=0 


We assume that W (t,r ) is a solution of the homogeneous equation 


2% (t) We (t.t) = 0. (15) 


This assumption corresponds to the physical assertion that W(t,T) is an impulsive response or, in other 
words, W(t,r ) defines the behavior of a linear dynamic system as a function of aunit input pulse [1, 2). 


By substituting (15) in equation (14) we obtain, in accordance with formula (12a), 


ai (t) cys (t) = b; (t) v(t). 


p=li=p 


If we seti=v,j= u—1 and carry out a comparison of coefficients of the derivatives of the function v(t), 
we get 


n 
The function W(t,r ) exists and is completely defined by conditions (15) and (16). 


That it is unique can be proved along the same lines as were followed for the case by = 1, by = 0 (i= 
= 1,2,.0.,m) in [12]. 


Corollary 1 of theorem 4, The general solution of equation (9) has the form 


u(t) + | W(t, 2) ae. 


where f(t) is the general solution of the homogeneous equation (4), 
Corollary 2 of theorem 4, If v(t)= 0 fort < t, and the initial values of this function and its derivatives 


in approaching the point t, from the right equal vw) (ty ) (i= 0,1,2,...), then initial conditions for solution (10) 
of differential equation (9) are defined by the expressions 


| 

| 

| 

| 

| 

| | 

| 
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w(t ) = 9, 


Definition 2, The function of two variables, defined by theorem 4 for the linear differential equation (9), 
describing a linear dynamic system, we shall call the impulsive response of this system. 


Theorem 5, The impulsive response corresponding to differential equation (9) is a degenerate function, 


The impulsive response must be a solution to the homogeneous equation (15),and, consequently, it is 
possible to express it as the sum of products as in (6) (cf, the proof of theorem 2). We note that, in this case, 
the functions ¢j(r ) must not satisfy the conditions of independence, Each sum of a finite number of products 
of the form of (6) is a degenerate function by virtue of theorem 3. 


(17) 


Theorem 6, There exists one, and only one, n'th-order linear differential equation for which the given 
n'th-order degenerate function of two variables, W(t,r ), is theimpulsive response, 


In order that the function W(t,r ) be an impulsive response it must satisfy conditions (15) and (16), Ac- 
cording to the corollary to theorem 1, the homogeneous equation (15) is uniquely defined and thus the left 
member of the equation sought will also be uniquely determined. The coefficients of the right member of 
this equation are uniquely determined by formula (16) or by the formulae of the Appendix. 


Theorem 7, Each n'th-order degnerate function of two variables, W(t,r ), is the impulsive response of an 
infinite number of linear differential equations of order q, q > n. 


A degenerate function of order n can be expressed by the formula 


W (t,t) = uj (t)9j(t) 


j=1 


where jo d= are linearly independent functions and ;(r ) (j = 1,2,...,q) are linearly dependent 


functions of which n functions are independent (the Wronskian, has rank n). 


By virtue of their independence, the functions cr (t) (j = 1,2,....q) may be considered as a fundamental 
system of solutions of the q'th-order equation, and their coefficients, aj (t), may be determined by standard 
methods [9]. 


The coefficients b; (t) of the right member of the desired equation are obtained from relationship (16) 
for = 


These equations of orders q > n may also be obtained by multiplying the left and right members of the 
n'th-order equation, determined by theorem 6, by any linear differential operator, 


Theorem 8, If Wi (t,t) = 0 for i = 0.1,...,(— 1), but Wz9(t,t) # 0, then the order, m, of the right side 
of the equation corresponding to the given impulsive response W (t,r ) is obtained from the formula 


m=q—l—1, 


where q is the order of the left member of this equation, 
The proof follows from equation (16) when relationship (12), or (13), is taken into account, 
Theorem 9, The impulsive response G(t,r ), corresponding to the differential equation 


i=o (18) 


a 

a 
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is determined by the expression 


uy (t) Ug(t) « «Uy (Tt) 

dinW 

uy (t) uy u,, (t) 

(t) uf (x). (x) 


where the u(t) form a fundamental system of solutions of the corresponding homogeneous differential equation, 


As was shown in [9] (this can be verified by theorem 4), the impulsive response, defined in definition 2, 


for equation (18) must be a solution of the corresponding homogeneous equation, and must satisfy the following 
conditions; 


(20) 
G(t,t == i=0,1,.....—2), 
( ( n—2) 
ar) 


By the rules for differentiating determinants, it is easily verified that G(t,r ) satisfies all these conditions. 
Theorem 10. The function of two variables 


b; 

W (t,t) = (- ay (22) 
j=0 

where G(t,r ) is defined by theotem 9, is the impulsive response corresponding to equation (9). 


This theorem is proven in [2] by the use of the unit pulse function, and in [10] by means of integration 
by parts, 


Example, We consider an application of the theorems given for the determination of a differential equa- 
tion corresponding to a given impulsive response W(t,r ). 


Let 


__ 0.2(t—t) __ 0,27 
W (t, Tt) (23) 


This function can be expressed as the sum of two products: 


W (t, t) = 1 (t) ua (t) + (t), 
(24) 
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letting, for example, 


+ e70-2t 
wet) = (25) 


Since the functions u(t), ug(t), ¢3( T) and g2(T ) are independent, as may be easily verified then, accord- 
ing to theorems 3 and 6, the equation sought is a second-order equation, The functions u,(t) and u,(t) are a 
fundamental system of solutions of the homogeneous equation corresponding to the equation sought. Therefore, 


ag = 25(4 5 (3 — eM), ay = 2. (26) 


By formula (12) or (13), or by the formulae of the Appendix, we determine the coefficient c ,,, (t), taking 
into account that 


3 — 
5(1— 

2 e0-2t 


Woo (t. t) = 


(27) 


{ 7 — Ge 0-2! 
Wro(t. t) = (1 — 


_ By virtue of relationship (16), we can determine the coefficients of the right member of the equation 
sought; 


by (t) = 2. by (t) = 5 (3 — (28) 


Consequently, tothe given impulsive response of (23) there corresponds the differential equation 


25 (1 — (2) + 5 (3 — (t) Qu (t) = 5 (3 (t) 4 20 (29) 


SUMMARY 


The principal aim of this paper was the finding of a differential equation from the given impulsive re- 
sponse which corresponds to it, It was established that this problem is not unique, and relationships were derived 
for determining completely the equation of lowest order which satisfies the conditions set. By the use of equa- 
tions of higher order it is possible, in individual cases, to get to an equation whose coefficients are more ad- 
vantageous from the point of view of their programming by means of an analog device — a differential analyzer 
{11}. 


If it is required to find the impulsive response corresponding to a given differential equation, this may be 
completely and uniquely determined by means of theorem 4, but is more conveniently done by means of theo- 
rems 9 and 10, 


All assertions proven remain valid if the variables t and r are interchanged, 


Analogously to the manner in which the relationships for equation (9) were derived for m < n, one may 
derive the relationships also for the case m = n, setting, for example, 


t 
u(t) = a(t) v(t) + \ W (t, t) v(x) de. 
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| 
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For m > 2, a similar expression should be used,withm—n derivatives of the function v(t) added, 


The author wishes to thank J. Matyash for many good counsel and significant help in the formulation and 
proof of the theorems. 


Appendix 
1. For determining the coefficients c ,, , (t), it is convenient to use the following matrix product: 


Cen Cap (t) Cog (t) cos 


4 4: t) Wio(t, t) Wao(t, t) Welt, t). . 


123 45. 0 t) Wiglt, t) 2) 
136 10. 6 Wh. 
= 10 & 0 Wo (ts t) 


0 


a In determining the coefficients of the right member of equation (9), it is possible to present relation- 
ship (16) in the more graphic forms: 


a) for a first-order equation 
be (t) = a1 (t) Woo (t, 
(31) 
b) for a second-order equation 
be (t) = as (t) Woo (t,t) + a2 (t) [Wo (t, t) + Wro(t, 
by (t) = (t) Woo (t, (32) 
c) for a third-order equation 


bo(t) = a1 (t) Weo(t, t) + a2 (t) (t, 1) + Wielt, + 
+ (Woy (t. t) + (t,t) + Weolt, 
(t) = an (t) Woo(t, + as (t) (t, t) + Wie(t, 
bs (t) = a3 (t) Woo(t, 2). 
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A CRITERION OF CONTROL INACCURACY 


Kh. V. Ruubel' 
(Tallin) 


A theoretical basis is adduced for a criterion of control inaccu- 
racy which allows objective comparisons to be made between differ- 
ent variants of automatic control systems. 


1. Preliminary Remarks. 


Almost every automatic control problem leads to the task of minimizing * the average value of some 
composite technicoeconomic parameter over the entire period T of use, i.e, to the minimization of the quantity 


T 
P = Pat. (1) 


The parameter P whose mean value P is required to be minimized is conventionally called the *impor- 
tance" {1}. 


Let us consider some examples, 


Example 1. Controlling the CO, content of flue gases of a boiler aggregate (2). The deviation of the 
controlled quantity x is here the deviation of the CO, content from a given optimal value. The importance 
is expressed by the total power loss (the total of the heat loss from the escaping gases and the heat loss from the 
chemically incomplete combustion), 


As the CO, content increases, the heat loss from the escaping gases decreases but the heat loss due to 
incomplete combustion increases, With the optimal CO, content, the total power loss will have its minimum 
value. A deviation of the CO, content from the optimum value on either side will lead to an increase in the 
total power loss, The graph of the function P = P(x) is given on Fig. 1. 


Example 2. Controlling the water level in a boiler aggregate's drums (3]. The deviation of the con- 
trolled quantity x is the deviation of the water level from the given normal value, The importance P is the 
cost related to the amortization of the boiler due to a shortening of its life of service, and also to other ex- 
penditures due to the deviation of the level from its normal value at some given moment of use, At the normal 
level, the cost is minimal. With increasing deviation, the cost increases, The graph of the function P = P(x) 
is shown in Fig. 2. 


In the majority of cases, the relationship between the deviations of the controlled quantity and the impor- 
tance P is not constant, but is some function of various extraneous arguments (for example, in example 1 this 


* If it is required to maximize the time average of some parameter, we can reduce this case to a minimiza- 
tion problem by subtracting the given parameter from a constant and considering the difference as the param- 
eter P, 


| 


p 
z 
Fig. 1 Fig, 2 


relationship depends on the load on the boiler aggregate). In servo systems (where only the deviations of the 
controlled quantity from the supplied stimulus are measured, rather than the supplied stimulus itself), such 
arguments are frequently the supplied stimuli. Frequently, the variations of the extraneous arguments during 
use are random processes. Then, the importance P is a random function of x, and P = P(x) is called the mathe- 
matical expectation of this random function. 


2. The Exact Investigation 


We now derive exact formulae for the time average of the importance P and for the components of this 
average value which depend on the control process, from the assumptions that P is a function of the controlled 
quantity x and that this function is expressed in a Taylor series in the interval containing all the values of x 
that arise, 


We now expand the importance P in a Taylor series in powers of x: 


I IV Vv 


Here, P(0), Po), Po), P™“o,.., are the values of the importance and its derivatives with respect to x at 
the point x = 0. 


We now integrate the series representing P between the limits of the time in use (0 to T) and divide by 
T: 


T T T 
4 P(0) P! (0) pil (0) 
0 0 0 
T (3) 


att... 


T 
0 


We now consider this last expression is greater detail. 
Its left member is the time average of the importance P: 


(4) 


T 
\ Pat 
0 
The right member is a series whose first term expresses the value of the importance at the point x = 0. 
T 


P() ( dt = P(0). 
(0) 
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and the remaining terms of which contain various time averages: the time average of the deviation of the con- 
trolled quantity 


T 
4 
(6a) 
0 


the time average of the squared deviation of the controlled quantity 


T 
‘ (6b) 
0 
etc.t T 
7 
=z (6c) 
=x (6a) 
(6e) 
Thus, the time average of the importance is given in the form of the following infinite series: 
The component of the importance which depends on the control process 
p =P—P(0) (8) 
takes the form of the following infinite series: 


Expressions (7) and (9) are exact formulae. 
3. The Approximate Theory 


As shown by practice, the following three conditions (or at least some of them) can be considered to hold 
for almost all linear and nonlinear control systems. 


Condition 1 (based on the fact that, at the point x = 0, the importance P has a minimum): for x = 0, the 
derivative of the importance with respect to the controlled quantity equals zero, Pio) = 0, 


Condition 2 (based on the fact that the deviations of the controlled quantity during use are, with equal 


= 


probability, on the increasing or decreasing side): the time average of the deviations of the controlled quantity 
and the time averages of the odd powers of the deviation of the controlled quantity are, in practice, equal to 


zero, X = = 0, = Oy... 
Condition 3 (based on the fact that the deviations of the controlled quantity are small): the time averages 
of the high powers of the deviations of the controlled quantity may be neglected, x° » 0, x‘ = 0, 85 yess 


These three conditions are important in obtaining approximate forrnulae from the exact formula (9) ob- 
tained above. 


In formula (9), we may neglect the term Ploy if a 1 or 2 hold: we may neglect the term 
Il 
roa if conditions 2 or 3 hold; we may neglect the term 3 x‘ if condition 3 holds; we may neglect 


the term Os if conditions 2 or 3 hold, etc. 


After these simplifications are made, the component of the time average of the importance which depends 
on the control procdss takes the following approximate form: 


PU 0) 
a. (10) 


Since the factor zm. is a constant for a given controlled object and does not depend on the control 


process, the criterion for control inaccuracy turns out to be the time average of the squared deviation of the 
controlled quantity 


T 
dt. 


a= 
Instead of the criterion x* one may use V x x’ with the dimensionality of the controlled quantity, however, 


with this it is impossible to forget that y 2 x’ imperfectly mirrors p (an increase of V x x* by factors of 2, 3, 4 etc. 
corresponds in actuality to a worsening of the “economics” of the process of control by factors of 4, 9, 16 etc.). 


Methods and examples of computing x* are given in [4-6]. Moreover, in certain works [6-10], there are 
presented such forms of the supplied and disturbing stimuli for which the integral of x converges over an in- 
finite interval of time. These works also provide methods of computing this integral, and examples; they may 
be useful in computing x* when the stimuli are, for example, periodic or random functions of time. 

SUMMARY 

Criterion of control inaccuracy is theoretically well-grounded which makes it possible to objectively 

compare various automatic control systems, 
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THE CALCULATION OF PERIODIC MODES IN RELAY-TYPE 
AUTOMATIC CONTROL SYSTEMS 


Yu. I. Alimov 
(Sverdlovsk) 


Exact methods [1, 2] are employed in the investigation of 
periodic modes in automatic control systems which consist of relay 
elements, linear links and inertialess functional transformers which 


do not appear in supplementary feedback loops and which are not 
shunted by them. 


Examples of the use of this method are given. For relay-type 
systems of extremal control, the results of exact and of approximate 
calculation are compared. 


1, In{1, 2] were developed an effective exact method for investigating periodic modes in relay-type 
automatic control systems, described by the following equations with respect to the representation: 


Di (p) Zi (p) = Ki(p)¥(p) (i= 1..... r). 


2(p) = 
i= 


1) 
(p) =L {yo + + J (yn, 


0.5kp [sign (s — xq) + sign (z+ npn 2 >0. 
0.5k_ [sign (z + x9) + sign (z — npn z<0. 
Yo- Zq- %- ky = const. 


where K, (p)/ Dj (p) are the transfer functions of the linear links containing, in the general case, lags, distrib- 
uted parameters, etc, and T(t) isthe periodic disturbance fed to the input of the relay link. 


This method, based on simple frequency relationships and using the concept of the characteristic J(w) of 
a relay system, was extended in [3] to the system in (1) when the nonlinear link is described by the equation 


Y (p) = L {az + Yo+ @[z— (t)]} (a = const). 


We present below a method of computing the characteristic J(w) fora relay system described by the set 
f tions 
Quip) Xe(p) = (p) 
U;(p) = L {Fj (a1. . 


Qj (p)Z;(p) = j(p) +1.....8). @) 


i 

i 

i 

| 


j=1 


where Rj (p)/ Q; (p) and Rj (p) / Qj (p) are linear fractional functions of p. in each of which the degree of the 
numerator fs less than the degree of the denominator, and Fj(X4,+««,Xz) = — Fj (—X4,+00"Xy) are single-valued 


piece-wise continuous functions with piece-wise continuous partial derivatives with respect to any of their 
arguments, 


By means of this characteristic, one may study the autooscillations ta (t) = 0) of the system in (2), as 


well as its forced oscillations [Fw # 0} in a forcing field analogously to the manner in which this was done in 
(1, 2) for the case of (1). 


2. Initially, we consider the system described by the equations 


Qi (p) Xi(p) = Ri(p)e (p) i= 
Z (p) = LAF (p) = (2 +7 
ky sign (z — x») for z>0. 
for 7 <0. 


(3) 


where rt; = 0 (i = 1,...,1). We assume further that the function F(x,,...,Xr) satisfies the requirements formulated 
above for the functions Fj 


If the equation Q; (p) = 0 (i = 1,...r) has a simple root, then 


R; (P,,) 


=] 


where nj is the degree of the polynomial Qp). Thus, by opening the system in (3) at the output of the relay 
element, and by denoting the output quantity of the latter by v(t) for f (t) = 0, we obtain 


(p— P,,) Xv, (Pp) =e, ¥(p) 
(4) 
Xi(p) = Xv, (p), = LAF z,)}. V(p) = L{@(z)}. 


As is well known, the solution of the equation (p-p,, > Xy ; (P) = Cy, Y (p) can be written in the form 


t 
y(t) =e (0) + ey, \ y (8) (5) 


Let y(t) = y (t) =—y (t— #/w) be an infinite sequence of rectangular pulses with alternating polarity, 
height Kp and length where y (t)=k, for0<t< Then, the particular solution xy Xy (t), 
corresponding tothe stable steady state Pv system (4), satisfies the condition x v4 (t)=- Xv; (t+mfv . On the 


basis of (5) we may write 


~ n/a fi 0. 
(0) = —3,, (=) = 


and, also, 


By using (4) we find that 


Py; 


Ly, (— 0) =— (x /m—0) = 


To establish the proper switching conditions for a piece-wise smooth function, and even more so for a 
piece-wise continuous function, F{x,,...,X;), is generally speaking, very complicated. The finding of these 
conditions can require [4] taking into account the small parameters of the system, Following [5], we shall 
assume in this paper that these conditions can be used in the form 


2(— 0) = F 0), (— 0) = x. 


i=1 


F (z,(—0). ... . z,(—0)] = lim F [2 (1). Zp (t)]- 


(a = lim g(t) and 4(t) are determined in accordance with (5) and (6), and x, (—0) is de- 
t--—0 

termined in accordance with equation (7). Thus, the characteristic J (w), by which it is possible to investigate 

the necessary conditions for the existence of simple symmetric autooscillations and forced periodic motions of 

the relay system of (3), is best determined [5] by the equation 


J (o) = —+2(—0)—jz(—0). 


3. For the case rj =0 (i= 1,,...,r), the system in (4) is replaced by the system 


(p— Pv) Xu,(p) =e (p) (i= 


ny 


for which, with =t < (k + 1) + Tj (k an integer), 
cy, ¢ 2exp[p,. (¢—kx/w—*,)] 
| 1+ exp (p,, */ @) 


(—1)* (— 20 + t — kn for py, = 0. 


2exp[p,, (¢—kx/o—*;)] 
1+ exp(p,, / ©) 


y(t) = (—1)* 


for py, = 9. (6) 
| 
- 
(10) 
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If the frequency w of the periodic stimulus y (t) satisfies the inequalities = Ty < (L+ 


(i an integer) then, as is easily seen, the functions xy; (t) are obtained from (11) for 0 =t < (1 +1)#/w- 


k=-( +1), (12) 
and for(1 +1) St < /w with 


k=~-l. (13) 


Conditions (8) for the proper moment and direction of switching, and the characteristic in (9) for the relay 
system in (10), are then found in accordance with (11) and (13), As is clear from (8), in computing the charac- 
teristic J(w) for the system in (4), one may use the grapho-analytic methods (2, 6] for determining the charac- 
teristics of a relay system of the type given in (1). 


4. If the system of (2) is opened at the output of the relay element, as was done above for the system in 
(3), then the open system thus obtained, when acted upon by the sequence of rectangular phase y(t) = y(t) = — 


~ ~ n ~ 
—y(t + s/w) has a motion x ,(t) = > X pq (t) (i = Lyeeet) defined by the relationships (11), (12) and (13) such 
v 1 
that the functions uy (t) = Fjfx, Deserky (t)] are known, in principle at least. Computation of the quantities 
8 
z (-0) = (-0), (-0)= (—0) then leads to the finding of the particular solutions ay = 
j=1 j=1 


=- (t + for the equation 


(Pp — Pv) Zy;(p) = (p) (j = 4. Mj). 


which is computed in correspondence with (5). Particular interest inheres in the cases of piece-wise linear and 
step functions Fj, when the characteristic J(w) is known to be computed in closed form. 


5. By determining, by means of the characteristic in (9), the frequencies of the possible autooscillations, 
or the phase shift between the impressed oscillations and the internal periodic reactions in the system of (2), it 
is possible to investigate, based on the theorems in work [7], these modes for stability by variation equations. 

In case (3), the system, in a first approximation, is a linear pulsed system with constant coefficients, and all the 
reasoning with respect to stability of the periodic motions, given in [2] for systems of type (1), remains in force, 
If, in (2), the functions Fi(Xyse0eeXr) are approximated by portions of hyperplanes (in particular, when Fj isa 
piece-wise linear function of one argument) then the characteristic equation, det (U-XE) = 0, where U is the 
fundamental matrix of the variation matrix for system (2), may be obtained on the basis of the relationships 
given in [8]. As in the case of (1), the holding of the condition for the absence of additional switching inside 

a period [2, 5] is verified only by constructing the curve z (t) + f (t), corresponding to the mode being studied. 
However, in many concrete problems, this turns out to be obviously superfluous. 


In orderto avoid unwieldy computations, we investigated above only the simple symmetric periodic 
motions of system (2) without any dead zones in the relay elements. With the use of the corresponding theorems 
from work [2], the reasoning given carries over to the cases of complex and asymmetric periodic modes and to 
the presence of dead zones. The computation of the characteristic of a relay system by the method given above 
is possible, in principle, for all systems consisting of relay elements, linear links and inertialess functional 
transformers, if these latter are not shufited by additional feedback loops (except inertia~less ones) and such loops, 
closed around the linear links, are not included in the circuit. With this, analogously to the particular case of 

& 
(2), the expression for the characteristic J(w) includes integrals of the form f a qe¥* dt, where a (t) isa 


known function of time and ft, is a complex number. Naturally, the computation is simplified if the transfer 
functions of the linear links of high order in systems (2) and (3), are approximated by sufficiently simple ex- 
pressions, for example, by using the methods given in [9, 10}. 


We note finally that it is not advantageous in all concrete problems to make use of condition (8) or 
other conditicns on switching by means of the relay system's characteristic, 


6. We now give two examples of the application of the method presented for computing the periodic 
modes in some relay systems. 


Example 1, Many methods of increasing the autooscillations frequency in relay systems may be con- 
sidered [2] as the connection of accelerating elements in parallel in certain fundamental portions of the system 
in such a way that the input to the relay equals the sum of the outputs of the accelerating elements and the funda- 
mental part of the system. With this, the characteristic of the relay system is the sum of the characteristics of 
the relay system without accelerating elements plus that of the system consisting only of the relay and the 
accelerating elements, In (2) there is computed the characteristic J(w) for linear accelerating elements. In 
accordance with (5)-(9), this may also be carried out for accelerating elements which consist of series connec- 
tions of linear portions and nonlinear transformers as occurs, for example, in optimal control systems (2, 11, 12). 
Thus, for the nonlinear transformer z; = a | x,| x; and linear portions with transfer functions 


Qi(p) (p) Qi(p) +" 


(y(t) is the output quantity from the relay), the characteristics have the forms, respectively, 


Jx(a) = — (—0) — (—0) = | 


1 
Jy (@) = kok [aun (un ~ 1) oT, — 


Example 2, We now compute the autooscillation frequency and the hunting loss in a relay system for 
extremal control with independent linear searches and an extremum indicator in the form of a derivative of 
the output quantity of the object. Following [13], we take the inertia of the latter into account by means of 
two first-order inertial links with time constants of T, and ET,. We shall assume that these links are connected 
to the input and output of an ideal object with the characteristic u = — ax", a = const, If we open the extremal 
control system (ECS) at the output of the controlling device, and denote the input and output quantities of the 
open system thus obtained by, respectively, y(t)and v(t), we are led to the following system of equations; 


X (p) = Wi(p) (p). U(p) = L (— Z(p) = Wa(p) U (p), V(p) = L{O(2)}. (14) 


where W,(p) = ky/ (Typ+ 1)p, We (p) = kep/(€T; p + 1), ky and ky are constants and  (z) is the characteristic 
of the controlling device which, in the mode to be investigated of the closed ECS, is a generator of a simple 
periodic sequence of rectangular pulses of height + kp. 


if, in our notation, y (t) = y (t) = -y (t + m/w) then, in accordance with (5) and (6), on the interval 
O<t< w/w 


2T, exp (— t/71) }* 


(15) 
F(t) = oxp [7 exp a}. 


and 
@ 
| 


For the forced oscillation, Z(t) = z (t + #/w), we obtain the expressions 


4 


* 


(0) =— — kyu 0), k = — ki kiaks. 
The expression for Z(0) for € = 0.5 (€ = 1.0) is obtained directly from (16) by going to the limit & + 0.5 
+ 1.0). 


4) 
The frequency of the possible autooscillations is determined from the conditions for the proper moment 
and direction of switching, which are conveniently written in the form 


z (0) Zo 18 
—z(0) 


where Zp is the threshold level of the input coordinate of the controlling device of the relay ECS (2 < 0 for a > 0). 


The solution of equation (18) can be obtained by means of the curves 


7(0 
kT; (20) 


(oT, &) = 


For — > 0, condition (19) always holds. 
The hunting loss 


as a function of the scanning frequency w is determined, according to (15), by the expression 


~ 120879 [1 —exp(— 


| 
la- 
d 
1 
| 
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The approximate formula 


is obtained in [13] by the method of harmonic balance and, in the range 0 < wT, < 1.5, gives results very close 
to the exact ones. 


~ 7 
wale 
jx 
Fig. 1 Fig. 2 


By obtaining graphs constructed on the basis of expressions (20) and (21), one may easily find the rela- 
tionship 4 = A(«, €) giving the hunting loss as a function of the threshold value of the controlling device's 
input quantity. 


Figures 1 and 2 show, respectively, the curves constructed in accordance with equation (20) and the curves 
4= Ak, €) for & = 0.5 and € = 2.0, calculated in accordance with (16) (the solid lines) and by the approxi- 
mate formula from [13] 


32 (1 + 
(1 + (1 + 


(the dotted lines), 


It should be mentioned here that in the construction of the graphs of (22) for the range wT, < 0.1 to 0.2, 
inaccuracies were admitted in [13]. 


It is clear from Figs. 1 and 2 that the accuracy of the approximate formula from [13] increases somewhat 
with decreasing € and falls both for small and for large values of wT,, remaining comparatively high only in 
a rather narrow region of the scanning frequency, as a function of €. As a whole, the method of harmonic bal- 
ance as applied to the ECS considered here gives low computational accuracy. This is affected by the fact that, 
in an ECS with an extremum indicator in the form of a derivative, the higher harmonics of the system's coordi- 
‘nate frequently have a significant value. It should be expected that in an ECS where the extremum indicator 
uses the deviation of the object's output quantity from an extremal value, and even more so when the integral 
over time of these deviations is used [14], the method of harmonic balance provides better agreement with the 


SUMMARY 


Accutate methods (1, 2] of analyzing periodic operation conditions are applied to automatic control sys- 
tems which consist of relay part, linear units and of inertialess functional generators when latter are not included 
in additional feedbacks. 


Examples of using the described method are given. Accurate and approximate calculation results are 
compared for an extremum control relay system, 
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THE USE OF NONLINEAR CORRECTING DEVICES OF THE 
"KEY" TYPE FOR IMPROVING THE QUALITY OF 
SECOND-ORDER AUTOMATIC CONTROL SYSTEMS 


S. V. Emel'’yanov 


(Moscow ) 


The paper deals with the questions of stabilization and 
improvement of regulation quality of linear second-order con- 
trol systems by means of nonlinear correcting devices of the 


"key" type. 


In (1) are presented the principles of constructing a nonlinear corrector, based on the nonlinear transforma- 
tion of functions of several variables by means of uniform “key"-type devices, It was shown that, by means of 
such devices, the most diverse control laws can be realized. 


The presént paper is devoted to the questions of using a nonlinear corrector for stabilizing, and improving 
the regulation of, linear automatic control systems, We shall consider closed dynamic systems described by 
second-order equations, For the determination of the tuning of the correcting device we have chosen the phase 
plane method [2]. In particular, we use the concept of the many-sheeted phase plane which was used in the in- 
vestigation of second-order systems by V. V. Petrov, and G. M. Ulanov [3-5], and also in the works of V. V. 
Kazakevich, 


For the class of systems considered we select the minimum number of elementary "key "~-type ( ¥-celi) 
devices, namely, one ¥-cell. 


Using the phase plane method, we carry out a qualitative investigation of such nonlinear dynamic systems, 
We shall determine all the possible forms of motion after any initial stimulus. Based on this, we shall find the 
formula for the optimum tuning of the corrector, determing the relationship between the parameters of the cor- 
recting device and the system parameters for which the control system, with type of correcting device con- 
sidered, will possess the best transient response quanlity, The problem posed here leads to the study of the phase 
plane of the system being considered and to the structure of its partioning into different forms as one varies the 
coefficients of the equation of motion and the initial position of the representative point. 


The Equations of Motion 


The equations of motion of the systems considered may be written in the following way: 


the object equation 


Tar + px = —p + f(t), 


the equation for the driving device 
t—g(t)=9, 


| 
(1) 
| 
| 
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the equation for the error signal amplifier 
(3) 


the equation for the "key"-type ( ¥-cell) correcting device 


x= ¥ (9.9) 9, (4) 
the adder equation 
(5) 
the servomotor equation 
T = E. 
(6) 


Here, x is the relative deviation of the controlled coordinate, ¢ is the relative derivation of the error 
signal, x is the relative deviation of the output coordinate of the correcting device, € is the relative variation 
of the adder's input coordinate, p is the relative deviation of the controlling organ, Tg is the acceleration time, 
p is a coefficient which characterizes the object's self-smoothing, T, is the regulator's integration constant, 6 
is the amplifier's irregularity difficient, ¥ (¢, %) is the nonlinear transmission factor of the correcting device, 
f(t) is the external disturbance and g(t) is the driving stimulus. 


The block schematic of the system is shown in Fig. 1. 


Fig. 1. Block schematic; a is the control system and b is the servomechanisms, 


The value of the nonlinear transmission factor ¥( g,g ) is expressed in terms of the constant coefficients 
of the nonlinear corrector, kj, kj, Tj (Fig. 2) in the following way: 


for (T;9 + kip) <0 
for (T;9 + > 0. 


Investigation of the Dynamics of a Second-Order Automatic Control System with 
a Nonlinear Correction of the Form ¥ ( yg, 9) ¢ (t) 


1, An Object Without Self-smoothing ( p = 0). 


We now consider in detail the case when the controlled object possesses no self-smoothing (p = 0). With 


b | 
5. 
als 
| 
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r 4 this simple example we shall try to show the effectiveness of the cor- 
mo t recting method suggested, and also to elucidate certain peculiar fea- 
| | tures inherent in such nonlinear systems. 
By eliminating the variables x, u,, x, &, from equations (1)- 
: (6), we obtain the nonlinear differential equation 
(8) 
+ — B)p = 9, 
R | where 
p= 
Te 
4 
x This equation is valid for any initial disturbance and also for 
| , f (t) = C, g (t) = C, where C is a constant. 


We consider the dynamics of the system, described by nonlinear 


Fig. 2. Circuit of the nonlinear equation (8), in the following order. 


"key "-type correcting device. 


R is the type RP-4 or RP-5 relay, a) We partition the space ofthe parameters w», 6, Jj (p = kj /T,Tss 
D4, Dy, Dy and D, are semicon- Jj= kj/Tj) into a series of representative cross sections which will be the 
ductors of type DGTs-24, DGTs-27 planes of the parameters w», 6, for constant values of the coefficient Jj. 
or D-2-E and p= d/dt. and we shall determine the character of the motion of the representative 


point on the phase planes in the regions into which the corresponding planes 
of the parameters w» and 8 may be partitioned, as well as on the boundaries 
between these regions. 


b) We shall choose the values of the coefficients of the correcting device ( ¥-cell), kj, kj and Tj, for which 
the transient response will not have overshoot, The duration of the transient response during which the error is 
) made less than a definite given quantity is minimal for the given initial disturbance and the given coefficients 
of the object and controller equations, T,, T, and 6. 


Such an approach to the solution of the problem is justified, since in this case there is the possibility, not 
only of determining the coefficients of the correcting device which will provide satisfactory transient response 
quality, but also of determining, from the temporal characteristics of the operating system, the direction in which 
the coefficients of the correcting device must be changed in order to satisfy the requirements on transient re~ 
sponse quality, It ispossibletodetermine the roughness of the system, i.e., the distance of the working point on 
the w», B plane from the boundary of the region of stability, as well as the deformation of the stability bound- 
aries as a function of the system ‘s parameters. This method allows a choice of system parameters which simul- 
taneously meet two requirements: 1) satisfactory transient response quality; 2) corresponding system roughness. 

It also allows, with the use of linear approximations, the behavior to be estimated for other classes of nonlinear 
systems, 


. We shall consider three representative cross-sections of the space of the parameters, wo, p, Jj namely, the 
. planes of the parameters w» and 6 for Jj= 0, @ > Jj > 0 and Jj = ® The plane of the parameters w, 8 for 

| J; = 0 corresponds to a zero value for the coefficient kj. In other words, the relay winding (Fig. 2) has impressed 
upon it a signal which is proportional only to the derivative of the controlled coordinate, 


The Cross Section for Jj = 0 (k; = 0, Tj # 0) 


The motion of the representative point will occur on a double-sheeted phase plane. The boundaries of 
the sheets are defined by the equation ye = 0, i.e., in other words, g = 0 and g = 0, 


Sheet I is the part of the phase plane satisfying the condition yy < 0 and sheet II is the portion of the phase 
plane satisfying the condition gg > 0. The plane of parameters we and 6 (Fig. 3) falls into a number of regions 
which are distinguished by the different forms of motion of the representative point on the phase plane. 


| 
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Fig. 3. Plane of the parameters w» and 6 for J; = 0 (kj = 0, T; # 0). 
Case 1, we > 0, 8 = 0. Equation (8) reduces the equation 
+ OP = 0. (9) 


The phase plane will be filled with concentric ellipses. The system will lie on the boundary of stability. 
Case 2, w» > 0, 8> 0. The motion of the representative point on sheet II is defined by the equation 


=1. (10) 


where A is an arbitrary constant, defined by [the initial conditions since ¥ ( 9.9) = 0 for gg > Q). 
On sheet I, the motion of the representative point will be defined by the following equations, 
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a) For W» > p (region 1), by the equation 


(11) 


A? (wo — 


In this region the phase plane is filled by trajectories which are ellipses with different semiaxes. Since 
the semiaxis, A ¥wpo, of an ellipse on sheet II is larger that the semiaxis, A Vw») — 8, on sheet I, the case of a 
damped oscillatory process occurs. The phase trajectory will shrink to the origin of coordinates, 


(12) 


In this region the phase plane is filled by trajectories which are ellipses on sheet II and hyperbolae on sheet 
I. As in the previous case, the transition of the representative point from one sheet to another occurs on the lines 
¢ = 0 and g= 0, the phase trajectory in transferring from one sheet to another on the line ? = 0 being directed 
from one to the other so that, consequently, the transition from one form of motion to the other is a continuous 
process, 


Since the velocity of motion equals zero, the representative point nowhere approaches the origin of coordi- 
nates, Such a “sticking” of the representative point may occur at any point of the line y = 0 as a function of 
the initial conditions, In other words, there is a special line (the stable equilibrium line) for which the following 
equation is valid 


= Pps (13) 


where @gy is the steady-state value of the coordinate and yg] and ¢y are the initial conditions. 
c) For Wp» = 6 (the boundary between regions 1 and 2) by the equation 


In this case, the phase plane is filled with trajectories consisting ot ellipses and straight lines parallel to 
the g axis, Equation (13) remains valid, i.e., there is a stable equilibrium line. 


Case 3, Wg=0, p> 0. The behavior of the system under these conditions has certain peculiarities, The 
equation of the phase trajectories on sheet II degenerates to equation (14), The motion of the representative 
point on sheet I is defined by equation (12), 


The stability of such a system depends on the initial conditions, A stable motion corresponds to each set 
of initial conditions, gy and 9], which lies in the plane of sheet I between the line g = 0, including the line it- 
self, and the null phase trajectory hyperbola, Unstable motions correspond to each set of initial conditions, 71 
¢» lying in the plane of sheet II and also in that portion of the plane of sheet I lying between the line g = 0, 
including the line itself, and the null phase trajectory hyperbola. Equation (13) is valid for those initial condi- 
tions to which stable motions correspond. 


It is not difficult to show that the cases wy <0, B >< 0 and wy > 0, B < 0 correspond to unstable 
system motions, where the case wy > 0, 8 < 0 corresponds to the region of oscillatory instability and the case 
Wy < 0, B%< 0 corresponds to the region of aperiodic instability. 


The Cross Section for @ > Jj> 0 (kj x 0, Tj # 0) 


The motion of the representative point in this case will occur on a two-sheeted phase plane. The bound- 
aries of the sheets afe defined by the equations g = 0 andg = Ij. Sheet I is the portion of the phase plane 
which satisfies the condition (Tig + kjg)¢ > 0). 
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Region of oscillatory {nstability 
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Region of asperiodic instability 


Ne) ? 
Fig. 4. Plane of the parameters wy and 6 for ™ > J; > 0 (k; # 0, T; # 0). 


Region of stability 


Region of instability 


Fig. 5. The parameter plane for Jj = 0. 


We now consider a cross section of the space of the parameters w», 6 and Jj by a plane with the value of 
oF lying between the limits © > Jj > 0, and note the differences in system behavior in the corresponding regions 
of the plane of the parameters w» and p with respect to the section for Jj = 0 (Fig. 4). 


Case 1, wy >.0, 8 = 0. Just as in the previous case, the phase plane will be filled by concentric ellipses. 
The system will be on the boundary of stability for any value of the coefficient J;. 


Case 2. wy > 0, 8 > 0. The motion of the representative point on sheet I is defined by equation (10), 
On sheet I, the motion of the representative point is determined in the following way. 
a) For Ww» > B (region 1), by equation(11). As in the case when jj=0,a damped oscillatory process 


Stability region 7 
? 
@a) Region of oscillatory : 
mode @b) Region of aperiodic 
mode d 
B 
p= 
2A 
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will occur, the tendency of the system to oscillate increasing (foz 
constant values of w» and 6) with increasing J;. 


: 


b) For Ww» < B (region 2), by equation (12), This region unlike 
the case when Jj = 0, falls into two regions, 2a and 2b (Fig, 4), dis- 
tinguished by the type of motion of the representative point, Region 
2a (B — wy < J.) is characterized by those system parameters for which 
the null-phase Lataee hyperbola lies in the plane of sheet II, In 
this case, there will be a damped oscillatory process, If the null-phase 
trajectory hyperbola lies in the plane of sheet I (region 2b, B — wy > 
~y > Hi). the process will occur without overshoot, The representative 
Fig. 6 pod will approach the origin of coordinates in asliding mode, the 

number of transfers of the relay element in this case will depend on the 
intial conditions and on coefficients Jj. 


For a value of J; which provides coincidence of the null-phase trajectory egpetbate and the boundary be- 
tween the sheets, g = —Ie (with the boundary between regions 2a and 2b, 8B — wy =J » a transient response 
without overshoot will occur, where the relay transfers only once, i.e,, the representative point will approach 
the origin of coordinates without a sliding mode. In contradistinction to the case when Jj = 0, there is no stable 
equilibrium line in this region, In other words, for Jj # 0, equation (13) does not hold, The representative 
point will always move to the origin of coordinates with any initial disturbance, 


aN 
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Region of instability 


Fig. 7. The plane of parameters w» and 6 for Jj =, 


c) For we= 6 (on the boundary between regions 1 and 2a), a damped oscillatory process occurs, The 
equation of motion of the representative point on sheet I degenerates to the equation ¢ = 0. 


Case 3. w)»= 0, B > 0. The behavior of the system under these conditions possesses the following special 
features, If the null-phase trajectory hyperbola, in mirroring the motion of the representative point on sheet I, 
lies in the plane of sheet I or on the boundary between the sheets, g =— Jj. then system stability will depend 
on the initial conditions. A stable motion corresponds to each set of initial conditions, g] and yp which lies 
in the plane of sheet I between the null phase trajectory hyperbola and the boundary ¢ = —Jjg. and also to all 
sets of initial conditions lying in the plane of sheet II between the line g = 0 and the boundary g =— Jj. To 
all initial conditions which lie outside of these regions, an unstable motion corresponds, If the null-phase tra- 
jectory hyperbola does not lie in the plane of sheet | then, for any initial conditions, the motion will be unstable. 


It is easily shown that the cases We <0, B >< 0 and wy > 0, B < 0 correspond to unstable system motions 
for any value of J,, where the case we, > 0, B < 0 corresponds to the region of oscillatory instability and the 
case Wy <0, B >< 0 corresponds to the region of aperiodic instability. 
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The Cross-Section for Jj = (kj #0, T; = 0) 


As the coefficient J; + «, the area of sheet I decreases and, for Jj = ®, it becomes equal to zero, i.e., 
the boundaries dividing sheets I and I1( g = 0 and g = —Ije) coincide and the entire phase plane is filled with 
trajectories corresponding to sheet II, The plane of the parameters wy and 8 is partitioned into two regions by 
the form of the phase trajectories. The first region is defined by the conditions wy > 0, 8 >* 0. The motion 
of the representative point in this case will occur by ellipses which fill the entire phase plane. 


The second region is characterized by the conditions w,y< 0, 8 >< 0. In this case, the representative 
point will move along phase trajectories which constitute a family of hyperbolae. On the boundary between 
these regions, the phase trajectories are straight lines parallel to the ¢ axis. 


— 


Fig. 8, Working portion of the plane of parameters w» and 6 for @ > J; > 0. 


On the basis of the analysis just made, one can formulate certain recommendations with respect to the 
tuning of the correcting device, The formula for the optimal tuning of the corrector, defining the relationship 
between the parameters of the correcting device and those of the system, for which the correcting device, of 
the structure considered here, for a control system will possess the best transient response qualities, is determined 
from the condition 8 ~ w= Jj and has the form 


k= + +TaT, (74). (15) 


2. An Object with Positive Self-Smoothing 


We now consider the case, a very frequent one in practice, when an object with positive self-smoothing 
( p > 0) is controlled by variable-speed servomotors without rigid feedback loops. In this case, after eliminating 
the variables x, u, 7, x, and € from equations (1)-(6), we obtain a nonlinear differential equation of the form 


(16) 
@ + + (— =0. 


2b = 
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The order of considering the dynamics (free oscillations) of the system we shall keep the same as in the 
previous case for ease of comparison, 
The Cross-Section for J; = 0 (k; = 0, Tj # 0) 


The motion of the representative point in this case will also occur on a two-sheeted phase plane, The 
boundaries of the sheets are defined by the equation g¢g = 0, i.e., by the two equations g = 0 and g = 0. On 
sheet I(gg < 0), the equations of the phase trajectories are obtained by eliminating time from the equation 


+ + =O. an 
On sheet Il, by eliminating time from the equation 
@ + 2bp + wop = 0. (18) 


We now isolate the region of stability for the cross section for Jj = 0. For wy < 0 [equation (18)}, the mo- 
tion of the representative point in the plane of sheet II be unstable. Consequently, it is impossible to obtain a 
stable system for any value of 6. As in the case when self-smoothing was lacking, the portion of the plane of 
the parameters w, and p for which w», < 0 will correspond to unstable periodic processes, 


To determine the second boundary of stability it becomes necessary to construct a point transformation. 


Equation of the point transformation. We first construct the transformation of the axis + g into the axis 
—@. (By virtue of the phase plane's symmetry, it is not necessary to construct a point transformation of a line 
into itself.) 


The construction cited should only be carried out for the case 8 < 0 since, for 8 > 0, the motion will be 
stable for any value of we > 0 (Cf. equation (17)). 


The boundary of stability for w, > O and 6 < 0 is found in the form of two segments: ab (wy > 0, 
Wy = Pr, B < 0) and be (wy > 0, w, = b, B < 0) (Fig. 5). The motion of the representative point in the 
plane of sheet II is described, for these cases, by different equations, which are obtained by eliminating time 
from equation (18) for different values of the coefficients w» and b, The motion of the representative point on 
the plane of sheet I is described by equations obtained in the same manner, but from equation (17). 


The transformation mentioned is found in the form 


. (19) 

Pk = 
where ¢ , is the initial value of velocity on the half-line + 9 , 9, is a finite value of velocity on the half-line 
—g and A is some constant coefficient which is expressed in terms of the system's parameters, 


We note that A < 1 if the system is stable and A> 1 if the system is unstable; if A = 1, the system will 
lie on the boundary of stability, 


For the first case, i.e., for determining the boundary ab (Fig. 5): 


+ 2b b 2b b 


q 
q 


We now express w» and 8 in terms of b*, Let we = mb? and 8 = nb*, where m and n are arbitrary numbers, 
By substituting these values in (20) we get 


4 


x exp (21) 


For a given value of m we can, by a graphic solution of equation (21), find the value of the coefficient 
n for which A = 1 (Fig. 6). 


Thus, for m = 1, A= 1 for n= 5, for m = 1,1, the condition A = 1 holds for n » 13.2, etc. 
In the second case, i.e., for determining the boundary bc (Fig. 5): 


w? 2b b 
where 
@, = V (w+ VP —a@. 92 = —b—VE— w. 
By replacing the values of wy and 6 by mb and nb*, we get 
—1—Vi-m 
(—1—Vi-m 
(—1—Vi-—m) (23) 


2 


By determining, in an analogous way, the values of the coefficients m and n for the case A = 1, we find 
that n= 5 for m= 1, n= 15 for m= 0. By placing these points of the boundary of stability on the Wp», 6 plane, 
we determine the region of stability for the case Jj = 0, The stability region is broader than in the case when 
there was no self-smoothing. 


The stable portion of the plane of the parameters w» and 8 falls into a number of regions which are dis- 
tinguished by their different indicators of system quality. 


Region 1 (Fig. 5) is the region of oscillatory processes, since the motion of the representative point on sheet I, 
for wy— B > b*, is defined by the equation - 


+ 
+ + = C exp — arog? (24) 


On sheet II, the motion of the representative point is defined either by equation (24) or by the equation 
+ 9:9)"= + 929)". (25) 


where =—b+ Ve - and @ = -b- we 


| 


Thus, the phase plane in this region is filled with trajectories consisting of spirals with different values of 
the coefficient wj, or of combinations of trajectories of the parabolic type with spirals. 


Region 2 is included between the lines wy— 6 = b* and wy= 8 , and is the region of processes without 
overshoot, The trajectories filling the phase plane for w» < b* consist of curves of the parabolic type, defined 
by equation (25), where the values of the roots q, and q@, for the plane of sheet 1, equal 


9 =—b—Y (wm +), 


and, for the plane of sheet II, equal 


For we > b*, the phase plane will be filled with trajectories consisting of segments of spirals and curves 
of the parabolic type. 


Region 3 will correspond to a “sticking of the representative point on the g axis. Here, as for the case 
when self-smoothing was lacking, the equation = f(g is valid. 


We note that, in choosing the working point in region 2 for Jj = 0, it is impossible to obtain any serious 
gain in the duration of the transient response in comparison with the case of system stabilization by the intro- 
duction of ordinary derivatives, It is therefore advantageous to consider the deformation of the region of sta- 
bility when the value of the coefficient J; is varied, This is necessary in estimating the roughness of the system 
and in choosing the working point on the wp», 8 plane with the best transient response quality. 


As the coefficient Jj varies from 0 to », one of the stability boundaries, namely, wp» = 0, will undergo no 
change, The other boundary, abc (Fig. 5), will be translated toward the region of more negative values of 6 
and, for J; = ©, will vanish at infinity. (Fig. 7). Analysis of the phase plane shows that the highest indicators 
of quality correspond to regions 2 and 3 of the w, B plane with w» > b*, for the case © > J; > 0. 


The Cross Section for « > Jj_>_0 (kj - 0, T; # 0) 


As in the case of no self-smoothing, the motion of the representative point will proceed on a two-sheeted 
phase plane, 


The boundaries of the sheets are defined by the equations y = 0, g =—J,q, i.e., as in the previous case, 
the presence of the coefficient J; increases the area of sheet II and decreases the area of sheet I. 


In this case, region 2 falls into two regions, 2a and 2b (Fig. 8). 


Region 2a (—b— - 8) <—J;) is characterized by the fact that the asymptote, lies in 
the plane of sheet II and, thanks to this, a damped oscillatory process occurs, If the asymptote qp lies in the 
plane of sheet I or on the boundary between the sheets (region 2b,—-b— ‘Yb? - (uw, ~— 8) =- J;), the transient 
response will occur without overshoot where, if the asymptote q coincides with the boundary between the sheets, 
9 = —Jj9, the relay element will transfer only once, and the representative point will approach the origin of 
coordinates without sliding. 


It should be mentioned that, in this case, the motion of the representative point will proceed on the two- 
sheeted phase plane, filled by trajectories consisting of segments of spirals (sheet II) and curves of a parabolic 
type (sheet I). In this case, at the end of the transient response the system, by its structure, will be stable and, 
therefore, there will be no autooscillations about the equilibrium position engendered by dead zones and the 
hysteresis loop of the relay element, 


Region 3 is characterized by a change of the equation of motion of the representative point on sheet I. 
The plane of the sheet will be filled with families of shifted hyperbolae with asymptotes 


1 =—b+ V+ G—a). 
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Fig. 10, Plane of the parameters w» and 6 for ™ > Jj > 0(0,= 1). 


This region is also divided into two regions; region 3a (—b— Vi + (B— Wp) < ~Jj) where oscillatory 


processes occur and region 3b (—b— + (8— We) > —J;) in which the transient response will not have over- 
shoot, Just as for the previous case, when the asymptote q coincides with the boundary between the sheets, 
9 = Iie the representative point approaches the origin of coordinates without sliding. 


On the basis of the analysis given, one may make recommendations as to the tuning of the correcting 
device for the case when the object has positive self-smoothing. The formula for optimal tuning has the form 


_ 


er, (26) 


If kj < 1/6, there are no autooscillations about the equilibrium position. If kj > 1/5, then the dead 
zone and the hysteresis loop of the relay element lead to autooscillations, 


3. An Object with Negative Self- Smoothing 


We now consider the possibility of using such a type of correction for stabilizing an unstable object (p <0). 
The equation of motion of such a system, after eliminating the standard variables, is written in the form 


— 2p + —B) p = 0. (27) 


Following the previously adopted order for investigating the system dynatnics (free oscillations), we con- 
sider the corresponding cross sections of the space of the parameters w», 6 and Jj. 


The Cross Section for 128 (kj = 0, Tj # 0) 


On sheet I (y¢ < 0) the equations of the phase trajectories are found by eliminating time from equation 
(27) and, on sheet Il (yg > 0), by eliminating time from the equation ¢ —2bg¢ + wey = 0. Investigation of the 
phase plane showed that the region of stability is the part of the w», 8 plane included between the lines wy = B 
and we = b* (Fig. 9). The behavior of the system in the region of stability corresponds to the case of the “sticking” 
representative point on the axis, i.e., the equation gg, = f(y 1.91) is valid. 


The Cross Section form > J; > 0 (k; # 0, Tj # 0) 


In this case, the region of stability 1, depending on the magnitude of Jj, is deformed and falls into two 
regions, la and 1b, depending on the character of the transient response, The boundaries of the region of sta- 


bility are determined on the basis of a constructed point transformation, Figure 10 shows the constructed bound- 
— (Wo 


ary of the region of stability for the value Jj = 1. The region la (b — — B)< —J; is characterized 
by damped oscillatory processes, and region 1b (b — Vv e —(Wo- 8) = Jj) is characterized by transient re- 
sponses without overshoot. 


The Cross Section for J; = « (kj = 0, T; = 0) 


The whole plane, except for the points at infinity, is an unstable region, 
For the case when p < 0, the formula for the optimal corrector tuning has the form 


ki= + T-) ‘ (28) 


Analysis of the Cross Section of w,,86, Jj;_Parameter Space 


In analyzing the corresponding cross sections of wp», 6, Jj parameter space, one may draw certain con- 
clusions with respect to stability, transient response quality and also the efficacy of employing such a type of 
corrector, as compared to system stabilization by means of introducing a linear response to derivatives in the 
control law. It is also possible to answer the questions of roughness of such dynamic systems, of the effect of 
the nonlinear characteristics of the object on the quality of the transient response and also to determine the 
moments of time at which it is necessary the vary the system's structure in order to obtain high-quality transient 
responses, 


The formulae for optimal tuning of the correcting device bespeak the possibility of obtaining high-quality 
systems with the presence of one ¥-cell, the tuning of which is done as a function of the object and controller 
parameters in accordance with the formulae given above. : 


It is clear, from an analysis of these formulae and the phase planes corresponding to them, that it is suf- 
ficient, to decrease the duration of the transient response, to increase the gain with respect to the controlled 
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? coordinate, 1/5, with corresponding corrections in the 
pigs F optimal tuning formulae due to the coefficients k, and 
Jj. Consequently, to obtain high-quality control proc- 

esses, it is not necessary to have a large value for the 
coefficient of reaction to a derivative Tj, since it is 
a required to decrease the coefficient T; (J, = ky / T;) to 
N Linear system increase the coefficient J;. In practice, the magnitude 
gerry A+ poe of Tj will depend on the insensitivity of the relay ele- 
+d ment of the ¥-cell. Analysis of the corresponding 
b T Wo, 8 parameter planes shows that a change of system 
BS ed 4 structure from stable to unstable is possible at any 
VY moment of time after the maximum value of the con- 
trolled quantity is attained; thus the control time will 
V/ be the smaller, the more remote from this point is the 
act of transferring, 
Y YY At the point g = @ay it is impossible to vary 


YY the structure since, in this case, the steady-state value 
Yy of the controlled coordinate will depend on the initial 
a YY conditions, At this point, to improve the quality of the 


I Ly LL) control process, it is possible only to decrease the velo- 
city of the controlling organ, Since, at the end of the 
Fig. 11 transient response, the system will be unstable, about 


the equilibrium position, due to the dead zone of the 


relay, element, there will arise autooscillations, the amplitudes and frequencies of which depend on the system 
parameters, 


The case of the controlled object with self-smoothing is an exception, In this case, on the Ws, 8 param- 
eter piane there is a region in which there are no auto-oscillations about the equilibrium position, 


Analysis of the corresponding cross-sections of the w», 6, Jj parameter spaces shows that the structure of 
the object — the presence or absence of self-smoothing (positive or negative) — deforms the boundary of the 
region of stability, bringing it closer, or removing it from, the working (operating) region, However, the chosen 
operating points can always be located at a significant distance from the boundary of stability, which speaks for 
the roughness of such dynamic systems, The conditions for the existence of processes without overshoot show 
that entire regions of w), 8 parameter planes correspond to such processes, Consequently, if the controlled ob- 
ject possesses nonlinear characteristics (for example, if there is a variation in the effectiveness of the controk 
ling organ depending on its position), then, on the basis of the theoretical analysis given above, one may so 
choose the system parameters that their variation in accordance with the nonlinear characteristics will not re- 
move the system from the operating region, With this, no change in the qualitative character of the transient 
response occurs and, as before, it-will not have overshoot, 


We shall now compare a control system with a linear control law with a system in which stabilization is 
obtained by introducing a linear reaction to a derivative in the control law. 


For simplicity, we choose a controlled object without self-smoothing. After elimation of variables, the 
equation of the control system is written in the form 


(29) 
+ + wop = 0, 


2b = 


and T is the coefficient of the reaction to the derivative, 
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Let T equal some sufficiently small constant, i, _It is assumed that 1 is small because obtaining "clean" 
(undistorted) derivatives with large gains is quite difficult, 


Then, to obtain a transient response without overshoot and with the minimum duration of control, the size 
of the gain, 1/8, is determined by the condition that the roots of the characteristic equation p* + 2bp + w» = 0 
be equal (q; = @ = q). 


(30) 


In this case, the minimum control time for the system operating in a sliding mode for g(t) = A (A is some 
constant) is determined by the area S, (Fig. 11). If this same coefficient of reaction to a derivative is used to 
form a nonlinear law, ¥ij (¢@) ¢ (t), the function in (30) no longer holds, and it is possible to increase the 
gain without limit, without a corresponding increase in the coefficient T. With this, the duration of the transient 
response will decrease to a quite small value (theoretically, to zero for 1/6 -» ) without disrupting the condi- 
tion for a transient response without overshoot. 


It is clear from Fig. 11 that the area of the subintegral curve determining the duration of the transient re- 
sponse, for one and the same coefficient of response to a derivative, may, in the case of a nonlinear law, be 
made significantly larger than the area of the subintegral curve defined by a linear control law [S, >> S;, 

t(S,) << t(S,)]. One may easily convince oneself that, in this case, the nonlinear correction has the same effec- 
tiveness whether the system operates in a sliding mode or in the stabilization mode. The correcting device 
does not require readjustment to carry out high-quality control processing for different points of disturbance 
application, 


Theoretically, for the gain 1/5 + Ij> 9, when the system operates in the sliding mode, the dynamic 
error tends to zero, S (Fig. 11), i.e., the system reproduces quite accurately any disturbing stimulus g (t) 
down to skips. When the system operates in the stabilization mode (for 1/6 - *%), the duration of the transient 
response tends to zero, i.e., the system reacts weakly to any disturbance, 


It should be mentioned that similar results can be obtained in control systems with linear reactions to de- 
rivatives if the gain 1/6 is increased to dt and the coefficient of reaction to the derivative, T, is simultaneously 
increased to «, 


Consequently, if a nonlinear correcting device is employed, the number of high-gain amplifiers can be 
halved, since the absolute value of the gain, 1/5, for obtaining high-quality control processes must be less than 
in a linear system, Thus, to obtain a regulation time t + 0, in a nonlinear system 1/5 — a, 


The author wishes to express his appreciation to B. N. Petrov under whose direction the work described 
here was carried out, 
SUMMARY 
The paper deals with the problem of stabilizing and improving the quality of the second-order automatic 
control systems by means of nonlinear compensation "key”-type devices. 
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OPTIMAL LAWS FOR ELECTRIC-DRIVE CONTROL 


Yu. P. Petrov 


(Leningrad) 


The paper considers optimal laws for electric-drive control which provide maxi- 
mum productivity for given limitations on heating. Optimal control laws are derived 
for various forms of functional dependences of the motor's magnetic flux on the arma- 
ture current and of the impedance moment on the rotational speed, 


In many electric drives, particularly those working in motor-generator systems, there exists the capability 
of continuously varying the current flowing in the armature of the executive electric drive. Therefore, the prob- 
lem of finding an optimal law for varying this current is of interest, This law, as will be shown below, depends 
primarily on the requirements placed on the electric drive, 


There are two basic types of requirements, The requirements of the first type amount to the demand that 
the greatest speed variation occur in a given time for a given heat loss in the armature, corresponding to the 
total heat used by the motor, The second type of requirement consists of the demand that a given armature heat 
loss provide the greatest displacement of the executive mechanism in a given time. 


The requirements of the first type apply to the electric drives of mechanisms whose operating processes 
require completely definite rotational speeds, Reaching of the “operating” speed must be accomplished in the 
least possible time. Examples of such electric drives are the starting motors of synchronous compensators, centri- 
fuges, propeller motors, etc. 


The requirements of the second type are applied to the auxiliary mechanisms of rolling mills, to traction 
motors, to the electric drives of hoists, to artillery stands, etc. 


We introduce the following notation: 1 = 1/Iy is the relative magnitude of the armature current, where 
Iy is the nominal current; y= M;/My is the relative magnitude of theimpedance moment, where My is the 
nominal moment; v = n/ny is the relative magnitude of the rotation speed, where ny is the nominal speed; 
© = Sn0/ On is the relative magnitude of the useful resulting magnetic flux of the motor, where y is the 
nominal flux; r = t/Tyy is the relative time, where Ty = CD*ny /375My is the electromechanical time 
constant, 


For any dc electric drive we may write 


iD= Hin, (1) 


where, generally speaking, the magnetic flux is a function of the current, The quantity of heat, 4Q, given off 
by the armature during the time OT = r,— 1, is expressed by the integral 


| 
where A is a constant, 
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The increment of speed during time Ar is expressed by the integral 
Va 
Av = \ dy, (3) 


and the increment of the angle rotated through is given by the integral 


Aa = ( vdt. (4) 


We now seek the optimal law for controlling the current through the armature for an electric drive subject 
to a requirement of the first type. The magnetic flux is a function of current, while we assume the impedance 
moment to be constant for the time being. 


On the basis of equation (1) we may transform the integral in (3) to the form 


Av = dr, a 


The problem of optimal control is formulated mathematically as follows; it is required to find such a 
function, i = i (7), which, for a given magnitude of the integral in (2), would make the integral in (5) a maxi- 
mum, The solution of this isoperimetric problem from the calulus of variations we find from Euler's equation 


d OF _ 
dt di’ 


0 


for F= (i @— where is a constant, 
By differentiating, we get 


2i—2(® + Pi) =0, 


from which it follows that the optimal control law is to maintain a 
constancy of the current: i, = c, where c is the root of equation (6). 
An exception is the case when the magnetic flux is proportional to 
the current: @ = ki. In this case, dv/dr = ki wand, consequently, 
Av = kOQ- Ar, i.e., the change of speed is completely deter- 
mined by giving Mr and AQ, and does not depend on the law of 
current variation, For a series unsaturated motor, where ® = ki, any 
control law is as optimal as any other, 


We turn now to electric drives to which requirements of the 
second type are applied, 


Fig. 1 The optimal control is formulated mathematically as follows: 
it is required to find i = i (r) and v = v(r) for which the integral 
in (4) attains a maximum for a given magnitude of the integral in (2) and a given relationship equation (1). 
We find the solution of this general problem from Euler's equation 


OF d OF 0 or ¢@# 0 
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3 
= 
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i 
a5 

Fig. 2 
for 
F = i* + 2dv + 2, — + p). 
Here X is a constant and ), is a function of (1). 
By differentiating, we get 
2i — 24 (@ = 0 Od. 
from which 


i= 


Equation (8) defines the optimal current curve. 
We now consider the particular case 


® = 1 —ai*. 


(8) 


(9) 


corresponding to an independently excited motor, in which the demagnetizing action of the armature reaction 
may be considered to follow equation (9) approximately. The magnitude of the coefficient a, for noncom- 
pensated motors, is generally found between 0.05 and 0.1. In the given case, we write equation (8) in the form 


(dt + C) (4 — 3ai?). 


| 
| 
862 


which gives 
6a (At + C) 
The constants ) and C are determined from the condition j Pdr = Q and from the boundary condi- 
T4 


tions: v = V, forr =r, andv = Ver =T. By setting a= 0, i.e, by ignoring the demagnetizing action of the 
armature reaction, we obtain the particular case of a constant magnetic flux. The optimal control law for this 
case may be obtained from (10) by going to the limit as a + 0: 


i=at+C (11) 


This particular case was investigated in detail by K, I. Kozhevnikov [2] and E, A, Rozenman [3]. 


In order to show graphically to what degree the armature reaction influences the deviation of the optimal 
current curve from the linear one, defined by equation (11). Fig. 1 shows the optimal current curve for @ = 1— 
— 0.05 #,v,=v,=0, y= 0, and the optimal curve for @ = 1, equivalent to the first in terms of heating. 


According to the duality principle [1], the optimal control guarantees, not only the maximum translation 
or speed variation for a given heat loss, but also the least heat loss for a given speed change or change in angle 
rotated, 


Consequently, the requirements placed on electric drive may be formulated in the following manner. A 
requirement of the first type: for a given change of speed in a given time it is necessary to provide the minimum 
heat loss in the armature. A requirement of the second type: for a given translation of the executive mechanism 
in a given time, it is necessary to provide the minimum heat loss in the armature. In these cases, the optimal 
laws of current variation will be expressed, respectively, by equations (6) and (10), 


Of course, in addition to the limitations on heat mode, other limitations may be placed on a motor. Thus, 
the armature current must not exceed a limiting value permitted by the commutation conditions; the speed of 
rotation during a given translation (for requirements of the second type) must not exceed a limiting value de- 
termined by strength considerations, etc. 


A method for seeking the optimal current when these additional factors are taken into account is given in 
(2) and [5). 


We turn now to the investigation of optimal control laws for the drive's impedance moment as a function 
of velocity: p= (Vv). We limit ourselves to the case of constant magnetic flux, ®= 1, 


We begin with the consideration of laws which satisfy requirements of the first type. On the basis of equa- 


tion (1), we transform the integral sy ‘i*dr to the form 
T1 
> (12) 
V2 
and the integral \ dy to the form 
Vs 
\ v'dt. 
(13) 
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After this, the problem of optimal control reduces to the isoperimetric problem of the calculus of varia- 
tions: it is required to find such a function, v = v (7), for which, with a given value of the integral in (12), the 
integral in (13) assumes a maximum value. We find the solution of this problem from Euler's equation 


oF _ od 
dw 


F = dv’ + (v’ +-p)*. 


for 


By differentiating we find that 


OF ,dp dp 


oF , 
=A + 2p. 


d OF dp 


By taking into account the fact that d u/dr = (d u/dv ) (dv /dr ), we put the Euler equation into the form 


(14) 


If we multiply all the terms of (14) by 2v ‘dr = 2dy and integrate, we get 
dy \2 
+e. (15) 
By taking account of (1), we can find from equation (15) the relationship between current and velocity: 


Whence, (1— yu) = 4? + C and, consequently, 


i=ptVete. 


The plus sign refers to the case of motor starting, and the minus sign to the case of braking. 


We now consider in more detail the special case when p= kv, In this case, the Euler equation (14) 
takes the form: v *—k*v = 0, whence 


v= Cie** + Cie **. 


(17) 
i = 
(18) 
Consequently, 
Q -{ i%dt = 2kC? (ert — 1), (19) 


For a given Q, we find the magnitude of C, from equation (19) and then, knowing the magnitude of V9, 
from equation (17) we find G. 


1 
We consider an example, Letk=1,v¥ =0,T = 1 and fdr = 3.19, Then,i= (e" -e")/2 


and for t = 1, we have that v = 1,17. 


Let us now assume that the magnitude of the current is kept constant. In this case, with the same value 
i 


for the integral y fdr = 3.19, i.e., with the same degree of motor heating, i - 1.79, v = 1.79 (1- e") and, 
0 


fort = 1,v = 1,13, In other words, the change of speed will be approximately 4% less than with the optimal 
control law. Thus, in contradistinction to a constant impedance moment, an impedance moment which depends 
on the velocity significantly affects the form of the optimal current curve, 


The magnitude of the constant C in formula (16) is determined by giving the interval of time during which 
starting of the motor must be completed. If the starting time is not given, but it is required to provide the mini- 
mum possible heat loss, then in this case C= 0, Indeed, if we replace the variables i andr by yp and v in the 
integral in (2), we then obtain, in accordance with equations (15) and (16), 


Ys 


Whence, differentiating with respect to C and equating the derivative to zero, we get Q= Qmin for C= 0, 
i.e., wheni= p+ uw. For the case of starting we have that i= 2y and for the case of braking, the trivial 
solution, i= 0. This last equality means that the minimum heat loss, namely a zero loss, occurs in the case 
when the drive is braked solely due to its inherent impedance moment, 


We now turn to the consideration of electric drives subject to requirements of the second type, In this 
case, the problem of finding the optimal control law is formulated as follows: it is required to find such a func~- 
tion, v =v (r), that, for a given value of the integral in (12), the integral in (3) will be maximized. Thus, 
we are again led to the isoperimetric problem of the variational calculus, the solution of which we find from 
Euler's equation 


oF_ 4 OF 
aw 


forF=(v'+ py — 
By differentiating, we obtain Euler's equation in the form 


d 


By multiplying all the terms of (20) by 2v ‘dr = 2dv and integrating, we get 


dv\2 
= p?— 2dr 
From this, by taking (1) into account, we obtain the relationship between current and speed: 
i=—ptV C—2y. (22) 


The plus sign is taken for that portion of the complete translation cycle when starting of the drive occurs, 
and the minus sign is taken for the braking portion, 
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We now consider in detail the case when = a+kv, For the given case, the Euler equation (20) takes 
the form: 


= 0. 
(23) 


From this, by letting \ — ka = m, we get 
v= Cye + Ce 4 i = 2kCye™ + +a, 


From the boundary conditions, v = 0 forr = 0 andy = 0 forr = T 9, we determine the constants C, and 


GQ: 
(Fh). 


To 
The constant m is determined by the condition that { fdr = Q. 
0 


As an example, Fig, 2 shows the curves for current and speed for the caseea=0,k=1, A =4 andT,= 2, 
These curves are described by the equations 


= 4—0,476e* —3.524e-*, i =4—0,952e*. 


For purposes of comparison, the dotted lines on Fig, 2 show the optimal curves for zero impedance moment 
and for the same value of angular rotation during time r 9. The dotted curves are described by the equations 


v = i = 2,88 — 2.88. 


For # = const, we obtain from (20) and (22) the well-known (2, 3] special case of the optimal control law 
by which the armature current is a linear function of ti e and the speed is a parabolic function of time. The 
example given shows gtaphically that, for 4 = const, the current law differs significantly from the linear, 
while the velocity law differs only insignificantly from a parabolic one, 


The problem of the optimal control law when voltage is controlled, in its usual setting, when the motor's 
magentic flux depends on current and the impedance moment depends on speed, also reduces to the general 
Lagrange problem in the calculus of variations. 


Thus, for example, if it is necessary to meet a requirement of the first type, then the finding of the opti- 
mal law of current regulation reduces tp integrating the Euler equations 


oH _y 9H _d dH 


where H = # + A, with A a function of r, and 
| dv 


By differentiating we obtain 
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Equations (24), together with the condition that ¢g = 0, suffice to define the three unknowns, i,v,r. 


Let us integrate (24) for the case when p=m+kv, ®=1- ai. In this case, du/dv =k, @+ idé/di= 


= 1-3ai*. We find, from the second of equations (24) that \ = Cekr, By substituting for A in the first of equa- 
tions (24), we get 


1+V 1+ 3a 
3a Ce** 


By letting k = 0 or a = 0, we obtain, respectively, i = const (Cf. (6)] or i= —Cekt/2 (Cf. (18)}. 


It is possible to seek an optimal control law while taking account of the heat transfer from the motor to 
the ambient space, In this case, the limiting conditions will not depend on the amount of heat evolved in the 
winding, but will depend on the maximum overheating during the operating cycle [3, 4). However, in the 
majority of cases, the motor's heating constant is many times larger that the time of the operating cycle, so 
that taking the heat transfer into account affects the control law only insignificantly [4]. 


Of course, implementing the optimal control laws in practice is not always possible, The requirement 
of providing maximum productivity of the electric drive may run counter to the requirements of simplicity and 
reliability of the control devices, In any case, knowing the optimal control laws allows one to find the maxi- 
mum possible productivity of an electric drive and to determine to what degree some actual control system 


approximates to the optimal. 
SUMMARY 


1. The optimal control law depends on the type of requirement placed on the electric drive. In the 
majority of engineering problems, these requirements reduce either to a demand for the maximum variation 
in speed or to the demand for the maximum translation of the mechanism in a given time. 


2. The choice of the optimal control law is determined by the forms of the relationship of the magnetic 
flux to the current, and the impedance moment to the speed, and by the type of requirement placed on the 
electric drive, Each case has its own optimal control law. 


The “right-angled current curve" with charging coefficient equal to unity, and the linear current curve 
(2, 3] are special cases of these optimal laws. 
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THE REPRODUCTION OF SINUSOIDAL SIGNALS BY SYSTEMS 
WITH LIMITATIONS 


G. A. Nadzhafova 
( Moscow) 


Considered in this paper are the conditions for partial, and 
complete, irreproducibility of sinusoidal signals, i.e., the limiting 
frequency characteristics are determined for standard second-order 
systems consisting of linear astatic, or static, objects controlled by 
an astatic servomotor which is limited as to the speed of action 
and the course of the controlling organ, The amplitude errors of 
reproduction are determined, 


INTRODUCTION 


Many objects in automated productive processes may be approximately characterized by linear first-order 
differential equations, To control the supply of energy or material to these objects one uses, as executive mech- 
anisms, power drives which, by their properties, are close to linear integrating servomotors, For such systems 
there are always limitations on the speed of operation of the servomotor and on the movement of the controlling 
organ, Due to the presence of these limitations, it is impossible to improve indefinitely the system's speed of 
response, or other dynamic indicato:zs of the transient response or steady-state processes. 


In (2) there were investigated the questions related to the determination of the limiting dynamic indica- 
tors of the transient responses occurring in such automatic control systems. 


However, in many practical cases of automated productive processes as, for example, in programmed-. 
control and servo systems, there are important questions connected with the passage of sinusoidal signals through 
the systems, In such cases, it is necessary to provide the conditions for accurate processing of the forcing stimuli. 


To establish the limiting capabilities of this class of automatic control system, it is advantageous to in- 
vestigate the system's behavior when acted upon by sinusoidally varying forcing signals, Other stimuli, varying 
at finite intervals of time, or with a limited number of nonzero derivatives, determined by the order of the in- 
variant portions of the system, do not give a sufficiently complete representation of the characteristic modes of 
operations of servo systems and programmed-contro! systems, 


In this connection, the present work investigates the questions related to partial and complete irreproduci- 
bility of sinusoidal signals, The partial, or complete, irreproducibility of signals is determined by the presence 
of limitations placed on the coordinates and derivatives of the system being investigated. 


In the present paper, we determine the conditions for partial and complete irreproducibility of a sinusoidal 
signal and determined the amplitude errors occurring with complete irreproducibility, i.e., we find the limiting 
frequency characteristics of these systems. 


By the limiting frequency characteristics we mean the dependence of the maximum amplitude of the 
controlled quantity on the frequency, obtained by taking into account the limitations imposed on the system. 


— 


le It is obvious with this that the controlled quantity best re- 


roduces the law of variation of the forcing stimulus if the 
1%. P 
= phase shift between them is zero. 

Fig. 1 As was shown in[1), the problem of investigation 


optimal processes of reproducing sinusoidal signals depends 
on whether the forcing stimulus is a reproducible or irrepro- 


ducible function, In the first case, an optimal reproduction 
process is meaningful only for the period when the noncor- 
i, respondence between the initial system state and the given 
a ; law of its motion is being removed. After removal of this 
I noncorrespondence, the system motion can coincide com- 
\ | 4 pletely with the given law of motion, 
{| %7 ‘? The results of considering such questions for certain 
% types of reproducible functions were given in(2]. The 
= } method applied in [2] may also be used for determining the 
4 ! | optimal transient responses in the case when the forcing 
0 \ stimulus varies sinusoidally. 
\ For all the cases to be considered below, we shall 
x assume that the forcing stimulus for the controlled quantity 
\ varies sinsoidally: 
x, (t) = Asinot. 
Py Following [1], we shall require that the controlled 
cn quantity shall best reproduce the variations of the forcing 
Fig. 2. Reproduction of a sinusoidal stimulus, in the sense of the closest approximation at the 
signal in the case of limitations on points corresponding to the passage of the function through 
the first and second derivatives, for perk 
the optimal control law. Starting from this requirement, one finds, by the 


method presented in [1], the conditions for repducibility 
of sinusoidal signals without amplitude error, one determines the manner in which the angles of forcing cutoff 
depend on the system parameters, as well as on the frequency and amplitude of the forcing stimulus, In addi- 
tion, one finds the dependence of the amplitude error on the characteristic parameters of the system and of the 
forcing function, 


1. Reproduction of Sinusoidal Signals by Astatic Objects Controlled by Integrat- 
ing Servomotors 


The block schematic of the invariant portion of the system considered is shown in Fig. 1. Here, x, is 
the control signal, determining the speed of the servomotor action, x, is the path of the controlling organ, x 
is the controlled quantity, x* is the forcing function, y is the error signal and p = d/dt, 


We shall investigate the case when both the coordinate x, and the coordinate x, are limited, which cor- 
responds to a limitation on the second and first derivatives of the controlled coordinate x*, i.e., we assume 
that 


|z| <M, and |z|<M, 


where M, = M, = 


* The case when only the coordinate x, is limited was investigated by A. Ya. Lerner in (1). 
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X, is the limiting value of the control signal, corresponding to the maximum servomotor speed and X, is the limit- 
ing value of the regulating organ's travel, measured from its central position. 


The irreproducibility of a sinusoidally varying signal occurs for a definite frequency and amplitude of the 
forcing function, The condition of irreproducibility has the form 


> 


This inequality shows that the second derivative of the forcing function exceeds the limits of the system's 
capabilities, 


The condition for reproducibility of a sinusoidal signal without amplitude error is derived from the iso- 
chronous equation, obtained for a sinusoidal stimulus [2], and has the form 


By joining these two conditions into one, and by introducing the dimensionless parameters 


we can obtain the condition for reproducibility without amplitude error of an irreproducible sinusoidal signal, 
i.e., the condition for partial irreproducibility: 


If the amplitude and frequency of the signal satisfy these inequalities, then the optimal law for the varia- 
tion of the controlled quantity will have the form shown in Fig, 2, The optimal control law is characterized 


by the values of the so-called angles of forcing cutoff, 9, 2, and gs, which are defined by the expressions 


These expressions are obtained by starting from the equations defining the lengths of the switching in- 
tervals corresponding to the optimal process [2]. With this, the optimal law is provided by a special controlling 
portion which closes the system (not shown on Fig. 1), The dependence of the angles of forcing cutoff on the 
coefficients of derivative excess, denoted previously by r, and ry, is shown in Figs. 3 and 4, 


The maximum possible amplitude of the controlled quantity x is determined from the condition g, = 0, 
and equals 


M2 


In this case 


It is shown in (1) that if the amplitude and frequency of the forcing function satisfy a certain inequality 
then a limited system can not reproduce the forcing function even during the individual portions of the period 
immediately adjacent to the moment when the forcing function passes through its peak value, and amplitude 
errors are unavoidable, 


870 
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In the case considered by us, this inequality has the form 


which corresponds to the mode of complete irreproducibility. 
With this, the relative amplitude of the reproduced signal 
equals 


The functions a = f (ry, t2) are shown in Fig. 5. These 
functions allow one to estimate the limiting capabilities of 
the system, in the sense of processing sinusoidal signals. By 


means of system limitations and given frequency and ampli- 
tude of the forcing function, the minimum possible amplitude 
error in the system being considered, Obviously, this error is 
zero fora = 1, 


2. Reproduction of Sinusoidal Signals by a 


Static Object Controlled by Integrating Servo- 
motors 


The block schematic of the invariant portion of the sys- 
tem under consideration is shown in Fig, 6. As in the case of 
the astatic object, it is of interest to consider two modes of | 
operation; a) when only the coordinate x, is limited and b) 

v hen the coordinates x, and x, are limited. 


In case "a", it is the second derivative of the controlled 
quantity x which is limited, and in case “b,” a linear com- 
bination of derivatives and the coordinate of the controlled 
quantity x. 


a) The case when only the servomotor speed is limited. 
The condition for the irreproducibility of the signal is related 
to the limitation on the coordinate x,, and leads to the in- 
equality * > 1. The condition for the reproducibility of a 


10} 
0 as 
Fig. 4 
Jr 
a 
zt 
ft 
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Fig. 5 
le 
Ky 
y 
Fig. 6 
where 


sinusoidal signal without amplitude error is found analogously 
to the way given in section 1 above, and has the form 


Then, the condition for partial reproducibility is determined 
by the inequalities 


(er —1)— Fr. 
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A The optimal law of motion for this case will have a form 
close to that shown in [1) with this sole difference, that in this 
ih case the individual portions of the variation of the coordinate 


X are expressed by exponential functions, The angles of forcing 
wonts cutoff are determined from the graphs given in Fig. 7. * 
With this 


Fig. 7. Dependence of the forcing cut- 
off time, t;, on the amplitude, A, of 
the forcing function, The maximum amplitude equals 


Azmax = M,T —1)— My. 


Then, the amplitude error of the processing, with the 


condition for complete irreproducibility, is determined from 
the expression 


R 
I 
= 
I 
3 
T 


b) The case when the servomotor speed and the travel 
of the controlling organ are limited.’ The limitations on x, 
and xX, reduce to the limitations | 2] M, /T and | TX + x] = Mp. 
Fig. 8. In this case, the condition for partial reproducibility is defined 
by the inequality 


With this, the optimal law of variation of the controlled quantity has a form close to that shown in Fig. 2. 
For finding the angles of forcing cutoff in this case (for given system parameters), one may use graphs analogous 
to those of Fig. 7. 


Then, 


A M,—A 


The maximum possible value of amplitude of the controlled quantity equals 


= M,+M,T In[t— 


The graphs are constructed for the system in which M, = 6, T = 1. 


where 
5 = oT, 
| 
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the system with limitations imposed cannot reproduce the forcing function without amplitude errors, This in- 
equality characterizes the condition for complete irreproducibility. 


The relative amplitude value equals 


A, + — rg ey 


where WT, = My, /M,T and A/M,T. 
As an example, Fig. 8 shows the function a@ = f (A, w) for the systems with the parameters: M, = 6, Mz = 9 
and T=1, 
SUMMARY 


1, The conditions were found for partial, and complete, irreproducibility of sinusoidal signals, in the 
sense of the closest approximation at the points corresponding to the peak value of the forcing function, 


2. We found the dependence of the forcing cutoff angles, i.e., the control laws, on the characteristic 
parameters of the system and of the forcing function, 


3. We obtained expressions showing the dependence of the amplitude errors on the system parameters 
for complete irreproducibility of the signal. 


4. The relationship obtained give a picture of the limiting frequency properties of the systems considered, 
in which limitations are placed on the controlled quantity and its derivatives. 
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ON THE ANALYSIS AND SYNTHESIS OF CERTAIN ELECTRICAL 
CIRCUITS BY MEANS OF SPECIAL LOGICAL OPERATORS 


A. D. Talantsev 
(Moscow) 


Special logical operators are defined which describe the 
‘change in Boolean functions as their arguments change. The 
pruperties of these operators are investigated, and transforma- 
tion formulae are derived which, in many cases, allow simpli- 
fication of the circuit to be synthesized. As an example, we 
consider the transformation of a potential-pulse circuit used 
in.a digital control system for a milling machine, 


INTRODUCTION 


Logical~algebraic methods are used in the investigation of various types of circuits for transforming in- 
formation, Thus, in 1938 V. I. Shestakov [1] and C, Shannon [2] simultaneously developed the interpretation, 
in terms of relay-contact circuits, of the combinatorial propositional and one-argument predicate calculus 
(Boolean algebra). From that thime on, the application of mathematical logic was intensively developed. A 
new impulsion to its development was provided by the appearance of high-speed computers for arithmetic, and 
nonarithmetic, tasks, Electronic logical circuits are widely used in these machines, Adequate methods were 
developed for the analysis and synthesis of potential and pulse circuits (Cf., for example [3-5]). The so-called 
potential-puise circuits, in which there is simultaneously a potential mode and a pulse mode came into wide- 
spread use, In these circuits, the generation of a pulse is usually related to the state of some element, An ex- 
ample might be the formation of a transfer pulse at the output of a flip-flop. 


The circuit elements are described by logical variables (one-argument predicates), in which time plays 
the role of the single variable. We note, however, that with existing methods, the manner in which the logical 
variables are given in time is not brought into question. Potential and pulse modes are described formally in 
the identical way. Such a description only establishes conventionally the fact of a change in a variable's value 
after substitution of the time, t, is made, This leads to a limitation of the analysis of such circuits, since it is 
impossible to correlate this concept of “change in value" with several logical variables, or with functions of 
them. 


In this paper, we attempt to remove this limitation. To describe the change of state of elements, we in- 
troduce special logical operators on logical variables, These operators are two-argument predicates of predi- 
cates, in which one argument is a one-argument predicate and the other is an individual variable.* | 


1. Potential and Pulse Logical Variables 


We consider an electrical circuit in which information is represented by binary digits (bits). Each of the 


* The basic content of this paper was given in seminars on the technical applications of mathematical logic, 
at the Moscow State University on October 2, 1958 and January 16, 1959. 


_ 


input and ouput buses of such a circuit can be found in one of two stages, distinguished, for example, by vol- 
tage level, polarity, etc. One of these states is assigned the sign "1" ("one state”) and the other is assigned 

the sign "0" ("zero state"). The signs 1 and 0 are the values of the logical variable Z(t), The values of the 
variable Z(t) may be given over intervals of time, or at discrete moments of time. 


We shall assert that the unit (respectively, zero) value of 
Z(t) is given on the interval (t,, tj) ifs 1) for all t satisfying the 
condition t, <t <tj, Z(t) = 1 (respectively, Z(t) = 0; 2) 
Z(t;) = 0 (respectively, Z(t, = 1), Z(tj) = 1). 


We shall assert that the unit value of Z(t) at time t is given 
discretely if: 1) Z(t)= 1; 2) there exists an interval of time « 
Fig. 1 such that, for all t' satisfying the condition t-¢« = t' <-t and for 
all t" satisfying the conditiont < t°St+e€, Z(t')= 0 and Z(t") = 0, 


eet? F a The variable Z(t) will be called a potential variable, and 

Ex will be denoted by X(t), if its values, both ones and zeroes, are 

r given only on intervals, and these intervals are not less than some 
given time interval T. 


The variable Z(t) will be called a pulse variable, and will 
be denoted by Y(t), if: 1) its unit values are given either only 


rere ek discretely or only on intervals not greater than the time interval 

= tT << T; 2) its zero values are given only intervals not less than 
t the time interval T— 

fo The time intervals T and r characterize, respectively, the 
~ t potential and the pulse modes of circuit operation, 


Vi 2. Transition Operators on Logical Variables 


" We shall say that, at the moment of time t, the unit value 
! | of the variable Z(t) changes to the zero value if ‘there exists a 
2,2 4A time interval 6 > tT such that Z(t") = 1 and Zt") = 0 for all 

i! t moments of time t’ and t" such thatt— 6 St'< t,andt<t"s 
st+ 6. 


AY : Analogously, we shall say that, at the moment of time t, 
the zero value of Z(t) changes to the unit value if there exists 
Fig. 2 a time interval 6 > r such that Z(t’) = 0 and Z(t”) = 1 for all 
moments of time and t" such thatt-6=t'< tandt<t" 
st+6. 


The presence (respectively, absence) at time t of a transition from the unit value of Z(t) to the zero 
value will be described by the equation dZt) = 1 (respectively, dZ(t)= 0). Then,the presence (absence) at 
time t of a transition from the zero value of Z(t) to the unit value will be expressed by the equation dZ(t) =1 
(respectively, dZ(t) = 0). 


We shall say that, at time t, the variable Z(t) changes its value if the equality DZ(t) = 1 holds, where 


DZ (t) = dZ(t) dZ(t). (1) 


We shall agree to consider the time t to be the same for all Z(t) and, further, we shall henceforth omit 
the letter “t" from the formulae, The symbols d d and D we call transition operators on logical variables. 
We note certain properties of the operators d and D, 


1, Application of the operators d and D to a type X variable leads to a type Y variable, 
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2. Application of operator d to a type Y variable leads to a variable which is identically zero: 


dy = 0. 


3. Application of operator d to a constant leads to an identically zero variable: 


di=0, d0=0. 


(3) 


It follows from statements 1, 2 and 3 that repeated application of operator d to a type X variable leads 
to an identically zero variable: 


d...dX =0 (4) 


Results (2), (3) and (4) are extended to operator D by simply replacing the symbol d in them by the symbol 
D. The operators d and D will henceforth be applied only to type X variables. 


4. We cannot simultaneously have dX = 1 and dX = 1, i.e., 


dX & dX = 0. (5) 


5. The following equivalence holds: 
\ 


DX = DX. (8) 
3. Application of Transition Operators to Boolean Functions 


We first apply the operators d and D to certain elementary functions. The following equivalences are 
easily established: * 


(7) 
d(X, V = X,dX, V X,dX, V dX, dX,, 


d(X,X,) = X,d Xs V dX, V dX,dXz, (8) 
D(X; V = X, DX, V X, DX, dX, dX, V dX, dX,, 


(9) 
D(X,X,) = DX, V Dx, V dX, dX, V dX,dXz. 


(10) 


Consider, for example, the left menber of (7). A unit value of X; Xz, leads to a zero in one of three 
cases; 1) when, for X; = 0, a unit value of X, changes to zero; 2) when, for X_ = 0, a unit value of X, changes 
to zero and 3) when X;, and X, simultaneously change from value 1 to value 0. These cases, in the form of a 
disjunction of conjunctions, are enumerated in the right member of (7). The right members of (7), (8), (9) and 


(10) are called disjunctive expansions of the corresponding operators d and D as applied to disjunctions and con- 
junctions, 


We now apply the operators d and D to an arbitrary Boolean function F(X4oXpreeeXp)> We introduce the 


notation, X= Xn Xi = X,& X,&...& Xn, X°=X, Xi=2X, The 


* The sign & will be frequently omitted in what follows. 
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(2) 


disjunctive expansion of dF is a disjunction of conjunctions, each of which contains one of the terms 


(ig Ps = 0, 1; s= 1 2 k = 1,2 and the Boolean function Q 


of variables from the set X, Xgye««.Xp which do not follow the d in the conjunction considered, The function 


k 
Q is defined by the condition that the equality dF = 1 exist with the equality I] ax? S= 1, For example, let 


8=1 


dF = 1 for dX; = 1 and dX; = 1(i=1,2,....n; j= 1,2,...m; ix j). For this, it is necessary and sufficient that 
the following conditions hold: 

F(X 4, Kjy oy Xn) for X,=0, X;=1, 


i.e., in this case 


P(Z,,.. ig ., Xn) dX; dX;, 
from which Qi) may be found 


We denote b 
e denote by F Pee. 


the function in which the variables Xj jy are 


replaced by the corresponding arbitrary Boolean functions P,,...P,. 


The disjunctive expansion of dF has the form 


k (11) 


The result is analogous for DF, It may be obtained from the equation 


DF =dF \ dF. 


k 
The number of different terms of the form (ig = Ps = 0, 1; equals 3° ~1, 


s=1 


We note, however, that for any Boolean function F(X4,Xg,.«.,Xn), the number of disjunctive terms in the ex- 
pansion of dF does not exceed 3" -2" ~!—4 since, from the group of terms in the right member of (11) which 
correspond to k = n, we eliminate that half of the terms which all equal zero, 


At any moment of time, let no more than one of the variables from the set X4,Xgve-..X_ Change its value, 
We call this limitation the "condition of honcoincident transitions." For this case, which is important in the 
applications, the formulae for dF and DF are simplified: 
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(12) 


P-0i~1 
= 0 1 0 


Note, It is interesting to note the analogy between expression (8) and the well-known formula of mathe- 
matical analysis, d(uv) = udv + vdu + dudv, The analogy is based on the correspondences of conjunction with 
arithmetic multiplication and of disjunction with addition, The term dudv, a higher-order infinitesimal, cor- 
responds to the term dX,dX, which equals zero if the condition of noncoincident transitions holds. However, the 
analogy immediately breaks down when one turns to expressions (7), (9) and (10), which contain the operation 
of logical negation, Nonetheless, the operator d might be called the “differential” of a logical function. 


4. On the Analysis of Homogeneous Potential~Pulse Circuits 


In this paper, only that type of circuit will be considered in which all input buses are described by po- 
tential variables and all output buses by pulse variables. For brevity, such circuits will sometimes be referred 
to below simply as “circuits,” 


We consider a homogeneous potential-pulse circuit with n input 
buses and r outputs, Let the n input buses be described by the variables 
p | and the r output buses by the variables We 


5 jon me. = assume that such a circuit possesses the following properties, 
~~ Ww ee If, at time t, the variable Yj (j = 1,2,...,r) equals unity, then at 
t least one of the variables in the set Changed value at one 
f the moments, t', which satisfy the condition - © < t' St, 


The circuit being considered is a scheme for transforming the in- 
y, t formation given by the set Xg, Xg,...,Xp, into information defined by the 
set Yy, Ygee0.,Yr- Such a circuit must certainly contain elements which 


"transform" the potential variables into the pulse variables 


Fig. 3 Ys Let us consider examples of such “transformers.” 


Figures 1a and 1b show the simplest RC differentiating circuits. 
To differentiate the bus states, we denote a positive voltage by 1 and a negative voltage by 0. The plus and 
minus signs on the figure denote the corresponding time-invariant positive and negative voltages, 


Figure 2 shows the curves for the voltages E, E, and E,, and the corresponding logical variables X, Z, and 
Z,- In the first case, for Z; = 0 at time t, we have dx = 1 for any time t’ which satisfies the condition t— Tr = 


st'st, With a properly chosen time constant, RC, the magnitude of r may be made very small, so we there- 
fore assume that Z,= dX and Z, = dX. 


The transformation of a potential variable into a pulse variable can also be implemented by means of 
the operations of Boolean algebra and the time delay operator. 


We shall say that the function r X(t) is the variable X(t) delayed by the time interval r if 
(t) = X (t —*). (14) 


Here, the symbol r before X(t) plays the role of the time delay operator on the variable X(t). 
We now define two pulse variables, Y, and Y2, as follows: 


Y,=X & +X, 


Y,= X&rX. (15) 
(16) 


It is easily understood from Fig. 3 that, if Y, = 1 (respectively, Y, = 1) at time t, then dX(t) = 1 (respec- 
tively, dX (t) = 1) for any time t' which satisfies the condition t—r <t'< t. By choosing the quantity r suf- 
ficiently small (but not equal to zero), we may assume that Y, = dX and Y, = dX . 


This method of transformation, called “digital differentiation,” is used to obtain carry pulses in counting 
circuits constructed of dynamic elements [6]. 


We now make the logical structure of homogeneous potential-pulse circuits more precise, Not all changes 
in value of some variable X;, generally speaking, lead to an equation Yj = 1. In the general case, Yj = 1 at 
time t when there are present conditions defined by the values of several elements of the set X4,Xguee0,Xp at 


time t', such that— © < t' St, The variable Yj may, therefore, be given in the form of a disjunctive expan- 
sion. 


where Posen Pk is some Boolean function of variables from the set X4,Xg,..,.X, considered for t' = t. 
Of 


The right member of (17) is called the potential-pulse form, Here, two cases should be mentioned: 1) 


the function Rp,,..., py, is considered for t' = t; in this case it may be given only by those variables of the 
ip 


set X4,Xg,eee.Xp, Which are not subject to the operation d in the terms with the subscript Pry: 4 Pe 2) the 
tay ty 


function Rp,,...,p, is considered for the case when t' < t; in this case it may be given by all the variables 
ty 


X1Xge000.Xp, except for those Xj for which ax? (t')= 1. In the first case we can speak of a circuit of the normal 
type, and in the second of a circuit with delays. In what follows we shall be speaking only of normal-type 
circuits. 


5. On Integrating Potential-Pulse Forms 


Let a circuit described by form (17) be given, The question naturally arises: can a function F be found 
such that Y, = dF? The finding of such an “original” function would make it possible to simplify significantly 
form (17) as a result of reducing the number of d signs and conjunctions entering into it. 


If there exists a function F such that Yj = dF, then form (17) is called an integrable potential-pulse form. 
The finding of the original function F is called integrating form (17). 


If form (17) is integrable, then the following identity must hold for the original function F; 


Pi» Pr Pry Pr 


Integration of form (17) can be carried out in the following way. A system of identities of the type shown 
in (18) is set up. From this system are found the values of the coefficients of the complete disjunctive normal 
form, F(Py,Pzs0eesPp)- A set of 2" of such coefficients, is chosen, defing the function F, One then determines 
whether or not the values of the remaining coefficients of F(py,P2s--+sPn), determined from the system in (18), 
are contradicted by the values of the corresponding coefficients in the set cited, If there is no contradiction, 
then this set defines the function F such that Yj = dF. 


For example, let the following form be given: 
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1 2 3 4 
Y = X,X, dX, V X,X, dX, Vv X,X, dX, V dX,dX,V 
(19) 


V dX,dX, V X,dX,dX, V ¥,dX,dX 2 V X,dX V 


10 
V dX, dX,dX, \/ dX, dX,dX, dX, dX, dXz. 
We set up the two systems of identities; 


= F(1X,X,) F (0 X,X3) = X,X;,, 


my = F(X,1 X;,) F (X,0X,) = X,X;; 
(20) 


Ry =F (11X,)F (0 0 X,)=1, 
Ru =F (1X,1)F (0 X,0)=1, 


Ryy= F (0 0 0) =4, 


Ry =0, Ro, =0.... (21) 
2 


We find from system (20) that 


F (000) = 0, F (001) = 0, F (010) = 0, F (011) =14, 


F (4100) =1, F(101)=1, F(110)=1, F(111) =14. 


We then find the values of F(pyp,p3) obtained from this system, and also the values of the remaining coef- 
ficients from system (20) do not contradict the values of the corresponding coefficients from the set in (22). 
This set defines the function F= X,; X Xz, i.e., 


Y => d(X, V 


If, in this example, the variables X,, X, and Xg satisfy the condition of noncoincidence of transitions, 
then the order of choosing the set of coefficients of Kp P,P, ) is somewhat different. In this case, terms 4 through 
11 in (19) are lacking, and the system of identities in (21) is also used for choosing the set in (22), 


When there are contradictory values of the coefficients of F(p,Pz,-«-sP,,) for one and the same Set, Py,Pzs-0-.Pp» 
the terms of formula (17), by means of redundant combinations, are divided into groups, to each of which the 


method stated is applied. Thus, we arrive at the representation 


™m 
= (23) 
If the condition of noncoincidence of transitions holds for the variables X;,Xg,....Xn, the potential-pulse 
form (17) may be given in the form 


(24) 


m 
Yj = dF, (X1,Xq, Xn) 
s=1 p=0 


For this, it is necessary to find m functions F, and 2mn coefficients sip * 0,1. 


6. The Transformation of One Logical Circuit 


For measuring the spatial translations in systems for the digital control of actual objects, the so-called 
"quantized scale" is employed. Figure 4 shows the scale with separated point intervals which is frequently used 
in digital control systems for milling machines [7]. The scale is divided into equal intervals ("quanta") or 
white (“transparent”) and black ("opaque") points, The scale is read by two photoelements, b, and b,, displaced 
from each other by half a scale quantum. The light flux from the light source placed on the other side of the 
scale (not shown on the figure) excites, or does not excite, the photoelements, The photoelement b, (i = 1,2) 
is characterized by the variable X; (i = 1,2), which equals one if a black point of the scale is opposite b;, and 
equals zero if a white point is opposite bj. 


To control a movable object, it is necessary to define the direction of motion of the scale, For this pur- 
pose, we introduce two logical functions, g and ¥, which can take the value of one only when the scale is 
moving, respectively, from right to left and from left to right. 


It follows, from a direct analysis of scale motion according to Fig. 4, that 


25) 


The functions g and y are realized by a homogeneous potential-pulse circuit with two input and two 
output buses. The input buses are described by the functions X; and X, and the output buses by the functions 
and 


+ Let us try to integrate the potential-pulse forms (25) and (26), We shall q 
va essen begin with the integration of form (25), We first set up the system of identities . 
Xl . of the type shown in (20), We obtain contradictory values of the coefficients of : 
F(PyP2), from which we conclude that form (25) is not integrable. We then divide 
the terms of form (25) into groups in the following way: term 1 is joined with 


term 4, and term 2 is joined with term 3. We now integrate each group separately 
For the group of terms 1 and 4 we get the function Fy. 


Fig. 4 


We set up the system of the type in (20): 


F,(X,1)F (X,0)=X,, 


(27) 
Ro F, (X,0) F(X,1)=X,. 
From this we find that 
F (41) =1, F (00) =1, F(10) = 0, F(01) =0. (28) 
We now set up a system of the type shown in (21): 
R, = F (AX,) F, (OX,)=0, Ry = F, (OX,) F, (1X,)==0. 
i 1 

(29) 


From this system we do obtain values of F,(pyp,) which contradict the values of the coefficients from the 
set in (28). Thus, for example, for F, (11) = 1, the value of F, (01) also equals unity, Thus, the group of terms 
1 and 4 from (25) is not integrable. However, the condition of noncoincidence of transitions holds for the vari- 
ables X, and X,. Therefore, we use the possibility of presenting form (25) in the form of (24). 


The set in (28) defines the function Fy = X;X_,__X, Xz, for which 


dF, XaX, v X,dX, V 


In this expansion, terms 3 and 4 correspond to the terms 1 and 4 of (25), and terms 1 and 2 are “super- 
fluous," These latter are eliminated by the choice of the coefficients sip» We let 


= 9, Quo = 9, Gin = 1, = 1. 
For the group of terms 2 and 3 of form (25), we find that Fy = XyX, XX, and 


Joi = 1, quo = 1, Jon = 0, G22 = 0. 


We apply analogous transformations to form (26). Finally, the system of functions yg, # takes the form: 


p =d(X,X, V X,X5) DX, V d(X,X, V X,X,)DX,, (30) 
 =d(X,X_ V X,X) DX, d(X,X, v DX. (31) 


System (30), (31) requires fewer physical elements for its realization than does the system consisting of 
(25) and (26), The decrease is due to the decrease in the number of different conjunctions entering into this 
system: six conjunctions instead of eight. 


SUMMARY 


From what has been presented above, the following conclusions may be drawn. 


1, Transition operators are advantageously used in those cases when it is necessary to describe symboli- 


cally the changes in state of some circuit elements occurring under conditions determined by the states of other 
elements, 


2. Circuit analysis by means of transition operators makes it possible to employ new methods of simpli- 


fying circuits and, therefore, permits greater efficiency in designing circuits so as to make them approach the 
ideal, 


3. The application of transition operators to the problem of determining the direct of motion of a quan- 


tized scale allowed a new circuit to be. obtained purely by formal means which turned out to be simpler than 
the well-known circuits, 


The author wishes to express his appreciation to V. A. Trapeznikov, V. I. Shestakov and M. L, Tsetlin 
for their interest in this work and for their valuable remarks in the discussions of the results, 
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A METHOD FOR COMPUTING THE CHARACTERISTICS OF A 
DC MOTOR WITH THROTTLE CONTROL 


D. A. Alenchikov and V. S. Kulebakin 
(Moscow) 


A method is developed for calculating the charac- 
teristics of dc electric drives with throttle control [1]. The 
method is based on the volt-ampere characteristics of the 
saturable core and its load, and also on the use of ,operat- 
ing point trajectories, which are constructed graphically 
from the family of load volt-ampere characteristics. 


The purpose of the present paper is to develop a method of computing the characteristics of energy in- 
dicators of de electric drives with throttle control [1]. For definiteness and for great generality, the method of 
calculation is given for the example of a throttle-controlled motor with series excitation. 


Figure 1 gives the block schematic for the control of a series-excited motor supplied from a three-phase 
ac source via a Larionov rectifier bridge, as well as the circuit for one-phase conversion and the vector diagram 
of the voltages in the conversion circuit. We may as consider as invariant, in practice, only the ohmic imped- 
ance of the conductors in the armature network of the conversion circuit, if we neglect the effect of tempera- 
ture changes, The impedance of the brush contacts and the rectifier, Tp» depend on the current. The active 
impedance of the saturable core (SC), which is determined by the ohmic and additional losses in the copper 
and steel, varies with changing core current and voltage. 


The rotational counter emf of the series-excited motor armature depends on the current in the armature 
network (excitation current) the extent of saturation of the individual portions of the magnetic circuit, the 
armature reaction and the speed of rotation. In computing the characteristics of a nonreversible electric drive, 
it is necessary to take the residual magnetism into account. 


If selenium rectifiers are used, neglecting of their impedance can lead to large errors, particularly in the 
region of small values of rotational counter emf. The error becomes particularly large when the selenium recti- 
fiers are air-conditioned to increase the’ specific load. 


The load on the saturable core (the motor, the semiconducting diodes) and the saturable core can be 
characterized by families of volt-ampere characteristics. The volt-ampere characteristics of saturable cores 
are usually given in specific units, and are widely used in designing circuits without self-saturation (Cf. for 
example, (2)). 


In this paper, we give the volt-ampere characteristics of a saturable core for the case when the loaded 
(working) windings are connected by a self-saturating circuit with a current positive feedback gain of unity. 
The characteristics in specific units are shown in the first quadrant of Fig. 2. 


The specific voltage drop across the core, u, is expressed in terms of the absolute voltage U,,, in the 
following way: 
C;-105 


kU... (1) 


7 


by Mae Pn 


Fig. 1. SC is the three-phase saturable core, 1D1 — 1D3 are feed- 
back diodes, 2D is the three-phase Larionov bridge rectifier, M is 
the series-excited motor, MEW is the motor's excitation winding, 
I, is the saturable core's control current and Igj is the disturbance 
current of the saturable core. The direction of coil winding is 
from the beginning (B) to the end (E). 


Here, f is the frequency of the voltage applied to the core; S, is the cross section of the steel magnetic 
conductor, in cm’; w~ is the number of turns in one loaded winding, C, is a coefficient which indicates what 
portion of the voltage drop across the core comprises the voltage drop across one loaded winding (for the cir- 


cuit of Fig. 1, Cy = 1), ky is the proportionality factor connecting the specific and the absolute values of the 
core yoltage, 


The specific operating current of the core, aw, is computed from the known absolute current L: 
w 


av 


where lay is the average length of the magnetic circuit's lines of force, in cm, Cg is a coefficient which in- 
dicates what portion of the total effective phase current of the core comprises the effective current of one work- 
ing winding (for the circuit of Fig. 1, C, » 0.71), kp is the proportionality factor between the specific and ab- 
solute values of core operating current. 


The specific volt-ampere characteristics are constructed for various fixed values of the resulting specific 
control current 


N=n N=n N=n 
= —* len > ksnlgn = >) awen, (3) 
N=1 av N=1 N=1 


where Wun is the number of turns of the N'th control winding, I,jn is the control current in the N'th control 
winding and Kn is a proportionality factor between the specific and absolute values of control current, 


The coefficients ky, kp and kgy are determined by the parameters of the saturable core and of the circuit 
for the loaded windings and, for a given saturable core and circuit, are constants, 


The volt-ampere characteristics of the saturable core load (diode bridge and motor) must be given in 
specific units in accordance with equations (2) and (3), and are constructed in the fourth quadrant (Fig. 2). Here, 
the axis of the specific operating current is common to the volt-ampere characteristics of the saturable core 
and of the load. 


The specific volt-ampere characteristics of the load are conveniently constructed by individual compo- 
nent, The specific volt-ampere characteristics of the froward impedance of the diode bridge may be constructed, 


| 
| 
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Fig. 2. Specific saturable core (SC) volt-ampere characteristics, together with the tra- 
jectories of the operating point (first quadrant) and the specific volt-ampere character- 
istics of the load (fourth quadrant), The dependence of Mem on the specific current, 
aw, and the graphic method for determining the characteristics of a throttle sysetm. 


for example, from the volt-ampere characteristics of the diode bridge. If the forward voltage drop across the 
interior impedances of the diode bridge AUp leads to the phase value, but the current I, is measured in the 
bridge's linear conductor, then the specific internal voltage drop across the bridge's forward impedance is de- 
termined from the formula 


The specific current of the bridge is determined from the expression 


aw. = kel owe (5) 


In formulae (4) and (5) , 4Up is the internal forward voltage drop in the bridge and I is the current in 
the bridge's linear conductor. 


The de motor is connected on the side of the rectified current. To construct its specific volt-ampere 
characteristics, it is necessary that the rectified voltage and rectified current be brought, respectively, to the 
phase value of the voltage supplied to the diode bridge (with attenuation factor y,), and to the current in the 


Aup= k,AUp. (4) 
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supplying conductor (with attenuation factor y,). For a three-phase Larionov bridge, one can take y; = 0,427 
and y, = 0.82[3]}. In a first approximation, the attenuation factors are considered independent of the states of 
the saturable reactor and the load. It is also convenient to construct the volt-ampere characteristics of the 
motor by its components. 


The abscissa points of the specific volt-ampere characteristics of the motor's armature circuit are de- 
termined from the equation 


= Ke%ola, (8) 


where I, is the current (rectified) in the armature circuit, 


The ordinate of the specific volt-ampere characteristics of the internal impedance of the armature cir- 
cuit is determined by the expression 


Au. = 
(7) 
To construct the specific volt-ampere characteristics of the armature circuit impedance, it is sufficient 
to determine the abscissa and ordinate of one point, to draw a supplementary line through this point and the 
origin of coordinates, and to add, graphically, the ordinates of the line to the ordinates of the curve for Auy. 


There is an analogous construction for the component of the voltage drop in the brush contacts which, 
in many practical cases, is taken to be constant, 


To construct the specific volt-ampere characteristics of the rotational counter emf, u;, taking the arma~ 
ture reaction into account, it suffices to have the characteristics of the free-running series motor, with arma~ 
ture reaction taken into account. For definiteness, we assume that the curve for free-running is given in the 
form of the dependence of the product of the flux of one pole by a design constant of the machine, Ce, on the 
armature current, 


The curve for the specific rotational emf is constructed, for constant speed, by points based on the free- 
running characteristics and on the equation 
= kyy,C.On, (8) 


where n is the speed of motor shaft rotation, in rpm. 
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aig. It is obviously not necessary to compute the curves 


“Ee ty for uy for each value of rotational speed. It suffices to 
= compute and construct just one, for an arbitrary con~ 
B Els) 817 ee stant value of speed, and to obtain the remaining ones 
c Jp graphically by increasing, or decreasing, the ordinates 
of the initial curve proportionately to the ratio of speeds, 
As a result of this construction, one obtains the result- 
ing specific volt-ampere characteristics of the SC load, 
: corresponding to various values of constant rational 
speed of the motor armature (Fig. 2, fourth quadrant, 
solid lines), For constructing the volt-ampere charac- 
teristics of the load, there should also be built up on 
DP MEW | the graph the dependence of the electromagnetic 
Fig. 4. Block schematic hae Se eg ee moment on the specific current through the SC load, 
with throttle control using an intermediate mag- The volt-ampere characteristics of an SC and 
netic amplifier and voltage feedback on the its load, and also the network voltages, are related by 
armature, 3D is a semiconducting gate, passing means of vector diagrams[1}. On the basis of the vec- 
current only when Ugyp > Ua. tor diagrams, one can set up the equation for the equiva- 


lent sinusoids of the voltage: 


Uip = (U,, + + U2, > sar 


After some transformations, this equation can be written in the form 


where Re=Ip+ Yilac ¥2+71Ce®n 12+ and Unp are, respectively, the voltages on the core and in 
the network, I, is the current in the motor's armature circuit and Ly is the core's working current (or the current 
supplied to the motor's armature circuit). 


If the numerator and denominator in equation (9) are multiplied by, respectively, k, and k,, one obtains 
an equation in the same specific units as the volt-ampere characteristics of the SC. 


If, in equation (9), we set Re equal to a constant, and ignore the active lossesin the SC (cos yo- = 0), we 
shall have obtained the generally known equation for the trajectory of the SC's operating point (abbreviated 
below to OPT) in the form of the canonical equation for an ellipse, by which the OPT is generally found by a 
computational method, When an SC operates in a motor, the resistance R, is changing and aonlinear, and to 
ignore the active losses in the SC leads to a significant error in the determination of the coefficients of power 
and electric-drive efficiency. The facts just mentioned predetermine the great difficulty which accompanies 
attempts to use the most widely disseminated methods for computing characteristics by means of OPT's in the 
form of ellipses. A simpler, and more accurate, solution may be found with the use of graphic constructions 
of OPT's and electric drive characteristics, 


In the construction of OPT's, a circle is used whose radius is m,uc, which is the geometric locus of the 
ends of the vectors of the specific network voltage, with the assumption being made that the network voltage is 
constant (Fig. 2, second quadrant), Here, m, is the voltage scale on the u axis. We assume that the current 
vector coincides with the horizontal radius of the circle uc. 


Let it be required to find the ordinate of the OPT point which corresponds to point A on the specific volt- 
ampere characteristic for load with n= 1000 rpm (Fig. 2), It is necessary for this that the segment AB be trans- 
lated to the horizontal radius of circle u, (Fig. 2, second quadrant) and laid off from the center 0 (point a). 
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Fig. 5. Mechanical characteristics of the motor. 1) is without taking into 
account the voltage drop in the circuit of the amplifier control winding, 2) 
does takes it into account; 3) is the dependence of the specific conirol current 
on the torque, with specific displacement current awgj =~ 1, 


Assuming, for definiteness, that the losses in the SC are characterized by a constant angle go [4], we draw 
the line ac at the angle gg¢ to the horizontal radius, The segment ac = BC is the ordinate of the desired point 
of the OPT. The abscissa of the OPT point is the point B on the aw~ axis. The ordinate of the OPT is sought, 
essentially, on the vector diagram [1], where one can readily convince oneself whether or not the point c is 
joined to the origin of coordinates (Cf. also Fig. 1). 


As the point A moves along the volt-ampere characteristic of the load, the segment BC also moves, and 
changes its magnitude. With this, the point C traces out the OPT corresponding to the given volt-ampere charac- 
teristic of the load, The family of volt-ampere characteristics of the load corresponds to the family of OPT's 
(Fig. 2, first quadrant, dash lines), It is characteristic that the OPT's thus obtained are not ellipses, This arises 
from the taking into account of the nonlinearity of the load and of the active component of the voltage drop 
across the SC, 


The point of intersection of an OPT with an SC volt-ampere characteristic, for example, point D, de- 
termines itself the specific resulting value of the SC's control current, the speed of rotation of the motor shaft, 
the specific current of the working winding of the SC, the motor's electromagnetic moment, Mem, and the 
coefficient of system power, cos gs. Cos gg is determined graphically, For this, point D is projected on the u 
axis (point d) and translated to the line u (Od = Od"), From point d' a horizontal line is drawn up to the inter- 
section with circle ug (point d"). The angle between the line Od* and the horizontal radius corresponds to the 
angular shift between the current and voltage of the circuit, Compziting cos g, is conveniently done by using 
an additional circle of unit radius. 


The efficiency is computed on the basis of the quantities obtained above by means of the formula 


Py _ AMcons) nke 
Ns 0.9790 yp 608 


(10) 
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Here, m, is the number of phases, 4M_,...¢ is the moment corresponding to losses in the motor which do 
not depend on the current. 


In the case when the control current of the SC is controlled independently of the outputs of the motor or 
the saturable core (by the use of an open-loop control system), it is of interest to consider the family of electric 
drive characteristics for various constant values of awcr. In this case, each characteristic is constructed by using 
the points of intersection of the SC volt-ampere characteristic for a constant value of aw, with different OPT's. 
Figure 3a shows the family of dependencies of rational speed on moment for various fixed values of aw,,. Fig. 
3b, shows cos, and efficiency as functions of Mem. 


The family of curves on Fig. 3a, shows that an electric drive with a series-excited motor is advantageously 
used for operation in those mechanisms which require a diminished speed for an increased load on the shaft, or 
a low degree of accuracy in maintaining a constant power on the drive shaft. 


The characteristics corresponding to the maximum values of aw, have high energy indicators (Fig. 3b). 
It is essential in the case considered here that control of the electric drive be implemented without automatic 
regulators by simply varying the control current of the saturable core, It is easily remarked that the magnitude 
of the initial torque sharply decreases with a decreasing magnitude of the resulting specific control current aw oy. 
When large starting torques are required, it is easy to use systems with rigid negative voltage feedback, for 
example, on the armature (Fig. 4). With this, the control current of the SC is automatically regulated, and 
guarantees the maintenance of a constant voltage on the armature with some static error. 


In the general case, the difference of voltages of the supplied (forcing) signal and the voltage feedback is 
supplied to the input of the intermediate amplifier, for example, a magnetic amplifier (IMA). For computing 
the characteristics of the electric drive in this case, we assume initially that the closed control system provides 
ideal constancy of voltage on the armature, This is equivalent to the assumption that the voltage drop in the 
circuit of the control winding of the IMA, AUg, equals zero. In the steady state, the voltage on the armature 
is comprised of the voltage drops in the armature impedance, the brush contacts and the rotational counter emf 
E: 


U,= Lr, + AU), + E = const, (11) 


The rectified voltage at the output of rectifier 2D (Fig. 4) must increase with increasing current in order 
to compensate for the voltage drops across the impedances of the secondary and principal pole windings. The 
resulting volt-ampere characteristics for the SC load, corresponding to a constancy of voltage on the motor 
armature, are easily constructed if lines are drawn equally spaced from the volt-ampere characteristic of the 
sum of the diode bridge impedance and the secondary and principal pole windings, i.e., at equal distances from 
the sum of the volt-ampere characteristics of those components of the load impedance which are shunted by 
the voltage feedback path (Fig. 2, fourth quadrant, dotted line), 


The mechanical characteristics of an electric drive can be constructed by using the points of intersection 
of the lines of constant voltage on the armature, u, = const, with the motor's volt-ampere characteristics cor- 
responding to a constant speed of rotation of the motor's armature, and the curve Of Me, as a function of aw~. 
Indeed, the point E (Fig, 2) itself determines the motor's speed and torque. The set of points of intersection of 
the lines u, = const with the motor's volt-ampere characteristics gives the motor‘s mechanical characteristics 
(Fig. 5, 1). 


The method presented for constructing the characteristics of an electric motor from its volt-ampere charac- 
teristics has independent value, and may be recommended for calculating the characteristics of motors with ex- 
citation fluxes which depend nonlinearly on armature current, 


The further calculations have the purpose of obtaining initial data for selecting the intermediate amplifier 
and for designing the control system and a correcting device for the mechanical characteristics, account being 
taken of the impedance in the circuit of the IMA'‘s control winding, For this, it is necessary to construct the 
OPT's by load volt-ampere characteristics which correspond to the constancy of the voltage on the armature, 
Tke method of constructing the OPT's does not differ essentially from the case considered above; it necessarily 
follows that point A slips along the line ug = const (Fig. 2). 


The OPT, combined with the family of SC volt-ampere characteristics, makes it possible to construct 
the dependence of the energy indicatos and SC control current on the motor's electromagnetic torque, 


Ordinarily, to SC circuits with internal positive current feedback, there is fed a negative constant dis- 
placement signal, whose magnetizing force (m.f.) is directed counter to the constant component of the m.f, of 
the load winding. There is supplied to the SC's control winding a signal whose m.f. coincides, in action, with 
the constant component of the m.f.'s of the load windings. The specific current in the SC's control winding, 
will equal 


aw, = aw, + aw, di (12) 


where aw,, is the resulting specific control current obtained from the SC's specific volt-ampere characteristics. 


Figure 5 gives the dependencies of the speed, n, (dotted lines) and the specific control current, aw,, on 
the torque, Mem, for two values of voltage maintained on the motor's armature, 


By using equation (3), we may easily pass to absolute values of SC control current, if we know the design 
parameters of the SC and the number of turns in its control winding. A knowledge of the absolute values of SC 
control current allows one to choose, or design, the IMA, 


Let us consider the general features of a method for correcting the mechanical characteristics with account 
being taken of the voltage drop in the control winding circuit of the IMA (CW IMA). If it is assumed that the 
impedance of the control winding circuit is constant and that the current at the output of the IMA (control cur- 
rent of the saturable core) is proportional to the control current of the IMA, then the control current of the 4 
saturable core and, consequently, the specific control current, aWg, is proportional to the voltage drop in the 
control winding circuit of the IMA, 


If the armature circuit is invariable, the voltage drop across the IMA'‘s control winding can only be ob- 
tained as the result of decreased emf of armature rotation: 


AU, = E—E,. (13) 


Here, and below, the subscript s denote those quantities obtained when account is taken of the voltage : 
drop, Ug, in the IMA's control winding circuit. 


From equation (13), an expression is easily obtained for the deviation of the speed engendered by the | 
voltage drop in the circuit of the CW IMA, If the magnitude of the voltage drop in the CW IMA is known for q 
one of the values of specific control current of the saturable core, awkn, then the deviation of rotational speed 
can be found from the formula 


awe 


aw kn BE 


The deviation of speed, 4n., can be found by using the specific volt-ampere characteristics: 


aw, AU... (14) 


awkn 


An, = 


where my is the voltage scale on the | u axis of the specific volt-ampere characteristics for load (throttle), mu, 
is the specific value of the rotational counter emf in the scale of the volt-ampere characteristics (Fig. 2), in mm. 


The speed of rotation, n, is determined from the graphs. By formula (14), all values of the current quan- 
tities are substituted in the graphs of Figs, 2 and 5 for constant values of Mem. The obtained value of Ang must 
be computed from the curves n = f(Mey,) for those same values of Mery. A corrected curve for n = f(Mer) is 
shown in Fig. 5 (curve 2). 


| 
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The circuit of Fig. 4 is recommended for use in those cases when the requirement for increasing starting 
torque is decisive. 


All giaphs and characteristics provided in this paper refer to an actual type PN-68 motor, in which the 
independent excitation winding is replaced by a series one, The nominal values for such a motor are: 110 volts, 


42 amperes, speed of rotation 1850 rpm, torque on shaft 2.4 kilograms, armature impedance when heated, 0.146 
ohms, 


The magnetic circuit of the three-phase saturable core is made of pi-shaped disks with the average length 
of the lines of force 1 , = 45 cm, and has an active cross section S, = 17.7 cm*. The type of steel is £-310, 
with heat-treating after stamping. The number of turns in one load winding is w., = 120. 


The type ABC selenium diodes, with bead dimensions of 100 x 100, are cooled by blowers. With forced 
cooling (the basic variant) seven beads are connected in series and three in parallel in the arms, and with natural 
cooling, seven in series and seven in parallel, The line voltage is 127 volts, 


In Fig. 3, the characteristics drawn in solid lines refer to the variant with forced cooling of the selenium 
diodes, the dotted curves correspond to the natural cooling variant. 
SUMMARY 


1, In terms of a series-excited electric motor, a new graphical method was presented for constructing the 
characteristics of dc electric drives with throttle control in the armature circuit, with account taken of non- 
linearities, in the cases when: 


a) the control current for the saturable core is controlled independently of the system's output quantity; 
b) the control current is controlled in dependence on voltage, for example, that on the motor armature. 


2, As a result of the analysis of the characteristics of series-excited dc electric motors with throttle con- 
trol, it was established that application of the electric-drive system cited is particularly advantageous in those 
cases which require a decrease in speed when the load on the motor shaft increases, or which require the main- 
tenance of constant power on the shaft with a low degree of accuracy. 


The method presented may be useful for designers and investigators working in the domain of the electric 
drives referred to, 
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ON DETERMINING THE FEEDBACK PARAMETERS FOR A 
VIBRATION REGULATOR OF ELECTRIC MOTOR SPEED 


L. L. Rotkop 
(Odessa) 


A method is presented for determining the parameters of a sta- 
bilizing feedback loop of a vibration regulator of electric motor speed, 
The peculiarities of a contactless relay feedback loop are considered, 
Examples are given of the determination of the parameters of the sta- 
bilizing feedback loop of a vibration regulator, 


The normal mode of operation of a vibration regulator of electric motor rotational speed (VR) is the auto- 
oscillatory mode, One of the indicators of the quality of a control system with VR is the magnitude of the auto- 
oscillation of speed about its mean value, In designing a VR, one ordinarily tends to increase the frequency and 
decrease the amplitude of the speed autooscillations to the technically possible limits, This sometimes succeeds 
with changing the parameters of the linear portion and the relay element, but ordinarily the possibilities of in- 
creasing autooscillation frequency at the costofchanging the system parameters are limited, For stabilizing re- 
lay systems, broad use is made of internal feedback paths which shunt the relay element [1,2], This paper is 
devoted to a method for determining the parameters of such feedback paths. 


The characteristic of a relay system 


4 a ~ 
J(o)=— (5)—A(S), (1) 
the determination of which is given in {1}, is very convenient for the qualitative and quantitative investigation 


of the effect of the parameters of an internal feedback path on the frequency of autooscillation of a relay system 
with symmetric relay characteristics with no dead zones, 


In formula (1), Z (m/w) and ¥ (w/w) are the output quantitity of the linear portion and its derivative 
(where t = 1/w) when the input is pulsed by symmetric, sign- alternating pulses of constant height, The tilde 
over the symbols indicates the periodic nature of their variation, 


In fact, the autooscillation frequency of a relay system is determined by the intersection of the charac- 
teristic ImJ(w) with the line ImJ(w) =— Ky for ReJ(w) < 0[1), and the relay system characteristic may be pre~ 
sented as the sum of the characteristics of a relay system without feedback, ImJ,( w), ReJ;(w), and a relay sys- 
tem in which the linear portion is a feedback path, ImJ,(w), Re},(w). 


The construction of the aforementioned characteristic gives a graphic presentation of the servicability of 
the feedback structure generally, or of the values of the parameters of the feedback path for obtaining the 
necessary frequency of regulator autooscillation, The determination of the autooscillation frequency of relay 
systems with asymmetric characteristics, among which are VR systems, reduces to the determination of two 
parameters: the frequency w, and the relative switching time y = t,/(t, = t), where t, is the pulse duration 
and t, is the pause duration, 


| 


In this case the solution of the problem is more complex since the geometric construction is less revealing 
than in the case of symmetric characteristics, and does not always allow the proper conclusions as to choice of 
feedback parameters to be made. 


Application of Analytical Methods for Symmetric Relay Systems to Vibration 
Regulators of Electric Motors 


The block schematic of a VR circuit and the characteristic of its relay element are shown in Fig. la. In 
Fig. 2, as examples are shown VR circuits using contact control apparatus (Fig. 2a) and contactless control 
apparatus ~ a magnetic amplifier and a magnetic contactless relay (Fig. 2b) [3]. The frequency of speed auto- 
oscillation, Wp. and the relative switching time, y, in a system with VR depend, under almost equal conditions, 
on the size of the load on the motor[1, 4]. As the motor load varies, the autooscillation frequency varies para- 
bolically within quite wide limits, and y varies from 0 to 1. The choice of feedback parameters for increasing 
autooscillation frequency can be made for a given motor load (y = const), and then the effect of the chosen 
feedback parameters on autooscillation frequency can be investigated over the entire range of load variation. 
If the value of the load is not chosen arbitrarily, but is so chosen that the equality y = 0.5 (ty = t,) holds, then 
the speed autooscillations will be symmetric about the axis z = zjay, where 


where Z yn is the output quantity of the linear portion (Fig. 1a) and T = t; + t is the period of autooscillation. 


By the proper choice of coordinate axes for the autooscillations of the system being considered, for y = 0.5, 
we can be brought to a relay system with symmetric relay characteristics. Figure 1b, gives the block schematic 
of such a system after translation of the coordinate axes, For this system, the following relationships are valid 


y — fs(n), (3) 
~ ~ ~ ~ ~ ~ ~ - 
— — = — [29 ++ (t)=—%4(t+ 7), (5) 


~ ~ T 
a(t) = + >). 
Here, f,(n) is the magnitude of the VR load for y = 0.5; for the remaining nomenclature, Cf. Fig. 1. 


The system's block schematic for y = 0.5 (Fig. 1b) corresponds to a relay system for automatic control 
with symmetric relay characteristics. In this case one may use the simplest method of determining the feedback 
parameters by means of the relay system's characteristic J(w), which was cited above, 


For y + 0.5, the autooscillations in the system have a nonsymmetric character (t; + %)}. The condition 
for relay transfer (Fig. 1) have the form: 


6) 


The linear portion of the system (the electric motor) is a low-frequency filter, and therefore the incre- 
ment of the output magnitude of the linear portion decreases as the frequency of the controlling stimulus y 
(Fig. 1b) increases. Consequently, when there is a correcting signal in the feedback path, the switching condi- 
tions in (6) hold for higher frequencies of the controlling stimulus y only when the increment of the linear por- 
tion's output signal coincides in sign with the increment of the feedback signal. The speed increment of the 
motor (in the motor mode of operation) is always positive at the end of a pulse(acceleration) and negative at . 
the end of a pause (braking). The conditions under which the feedback increases the autooscillation frequency 
are written in the form 


A(rZ)>0. 


To determine the sign of the feedback path's output quantity, it is necessary to investigate the value of 
this quantity when the input receives an asymmetric sequence of pulses, In this case, the controlling stimulus 
y can be presented in the form of a constant stimulus and a succession of asymmetric sign-alternating pulses 
of constant height k, = (y 4 — Yp)/2. The reactions of the feedback path at the ends of pulses and pauses to an 
asymmetric incowelte of pulses may be determined from the expressions [1] 
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where P(p)/Q(p) is the transfer function of the feedback path. 
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We shall consider only the second term in each of equations (8), the ones expressing the increment of the 
feedback path's output quantity. For y = 0.5, these terms differ from each other only in sign and, as the fre- 
quency varies from 0 to ©, equal the imaginary part of the characteristic ,(w)[{ Cf. (1)]. The signs of the 
second terms in (8), for negative real nonzero poles of the feedback path's transfer function, do not depend on 
the magnitude of y , since always, as y varies from 0 to 1, in the expressions (8), 


exp Ps (0,5—1) = > exp. 


Consequently, if the transfer function of the feedback path has simple real negative poles, conditions (7) 
hold for all values of y , and the parameters of the VR's feedback path, selected for y = 9.5, increase the auto- 
oscillation frequency for all values of the load (0 = y =1), In those cases when there are complex poles, and 
for y = 0.5 and for certain values of controlling stimulus frequency the second terms in (8) change sign (the 


characteristic Im)J,(w) crosses the axis of abscissas), it is necessary to determine, from expressions (8), the values 
71 and yg for which the second terms in (8) equal zero, In this case, conditions (7) hold in the range of load 
variation y;Sy = y3, and the feedback chosen for y = 0.5 increases the autooscillation frequency only for changes 
of motor load in that range, We shall not consider more complex feedback paths in this paper. | 


Thus, by using the method for determining feedback parameters for symmetric relay systems, one can de- 
termine the feedback parameters for a VR with y = 0.5 and then, by the use of conditions (7), one can learn in 
which range of load variation this feedback will increase the autooscillation frequency. 


As an example, let us find the feedback parameters for a relay system of asynchronous motor speed con- 
trol (Fig. 2a). 


We write the motor equations in the form 
M—M, for O<t<t, fr (9) 


where M and M, are, respectively, the driving torque and the resistance torque on the motor shaft, GD’ is the 
moment of gyration of the drive and n is the motor speed. 


We take the tachometer generator equation in the form i = kyn, where i is the current in the control relay 


circuit. F 
If we assume that the amplitude of the speed autooscillation is sufficiently small so that we may consider “ 
M = const and Mr = const during acceleration and retardation times then, if there are no lags in the relay, we b 
may obtain the pulse and pause times from (9): : 
8 
GD* 
where n, and n, are the speeds at the relay transfer moments, The characteristic of the relay element is given 
in Fig. 1a, where x4 = 1, ~Xqq = —Xq@ = f(n) = Ya = M, Yp= 0, and and ty, are the pickup and 
reset currents of the relay. 
The equation which describes the variation of the output coordinate of the linear portion is found from 
(9) and (10) in the form 
ay = At+i,. for O<t<t, B(t—t) + for th <<t<T, (11) 
th 
where y 
375 (M — M — 375 M 
A= and B= kes. (2 
The relative time for switching on is found from (11) 
M, 
(12) 


The frequency of speed autooscillation is defined by the formula 


© = as) 


The symmetric autooscillations about the axis 
Zay = (typ + tp,)/2 occur for f,(n) = M/2 or My = M/2 
(y = 0.5). 


We now turn to the symmetric relay system (Fig. 
1b) for which, on the basis of (3)-(5), we may write 
the relationships 


Fig. 2. a) is a vibration speed regulator for an 

asynchronous motor: ry >> >> + bearing in mind that 

b) is the same but with contactless control ap- 

paratus used: CO is a contactor, R is a relay, M ‘is ind Ps 

is the asychronous motor, TG is a tachometer A(t - (14) 
generator, MA is a magnetic amplifier and MR 


is a magnetic contactless relay. 
7 { The characteristic of the relay system without 


“feedback (%(t) = 0) is defined by the expressions 
ReJ, (o) = A, (15) 


ImJ,(o) (16) 


The characteristic in (16) is constructed on Fig. 3, The point of intersection of this characteristic with 
the line ImJ(w) = — Ky defines the autooscillation frequency frequency w, in the system without feedback for 
y = 0.5. 


We now construct the characteristic of a relay system in which the linear portion is a feedback path 
(Z = 0, 24 = 


1. We consider two cases, The feedback element has the transfer function W(p) = k /(1 + Typ) (delayed 
feedback). A circuit for a system with a vibration regulator of electric motor speed with lagged feedback in~ 
troduced is shown in Fig, 2a (we assume that Ly = 0). After a translation of coordinates (Fig. 1b), the input of 
the feedback path is acted upon by sign-alternating voltages pulses of height kp, = U/2 (here and in the sequel, 
the input to the feedback circuit will be denoted by ¥ y = U/2, and its output quaiitiry is taken to be the current 
in the winding of the feedback stabilization relay, Ze = iy). 


By bearing in mind that {,(0) = — Kg and iy, (w/w) = Kg, we obtain 


U 
Re J, = — —th (17) 


U 
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Im J, (@) = 
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M, 
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The characteristic in (18) is given in Fig. 3a. The characteristic of the relay system, ImJ(w) =ImJ,(w) + 
+ Im),(w) (Fig. 3a) shows that the lagged feedback increases the frequency of motor speed autooscillation 
(Wp, >w, ). As the time constant, T,, decreases, the characteristic of the lagged feedback approaches the 
straight Fhe Im},( w) = —U /2(r, + t), which corresponds to the characteristic of a rigid feedback path. It is 
necessary that the inequality U/2 (1, + t) < K» be observed, otherwise a sliding regimen is possible when a 
rigid feedback path is used, Since the transfer function has one real negative pole, the feedback parameters 
chosen for y = 0.5, increase the speed autooscillation frequency for all values of the load. 


2, The feedback element has the transfer function W(p) = k / Tép* + Typ + 1) (Fig. 2a, for L + 0). De- 
pending on the form of the characteristic equation's roots, the feedback path may be presented as two aperiodic 
links in series (roots are real and equal) or as two oscillatory links in series (the roots are complex). In the first 
case, the characteristic of such a feedback path differs little from the characteristic of a lagged feedback. In 
the second case (py 3 =—b+ jw), the expressions for the relay characteristic have the form: 
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sina—e sin(x — ) 


b 
sing cosa=————, tgo= 


Figure 3b, gives the characteristic in (20) for small damping (b << uw»). For a proper choice of feedback 
parameters (Ww, somewhat smaller than w Re one may obtain a larger autooscillation frequency than with ordi- 
nary lagged feedback. Since the characteristic in (20) does not intersect the axis of abscissas, the feedback 
increases the autooscillation frequency for all values of the load. 


A Feedback Contactless Relay 


Increasing the autooscillation frequency of a system with a VR has an adverse effect on the operating 
conditions of the relay contacts, which lowers the reliabilicy of the regulator, Therefore, in vibration regulators 
of electric motor speeds, there are sometimes used contactless relays, constructed on the basis of linear ampli- 
fiers with overcompensated feedback (magnetic amplifiers in relay modes, electronic relays, etc.). The reset- 
ting ratio of these relays depends on the magnitude of the positive feedback. The frequency of speed auto- 
oscillation is the lower, the higher the relay's resetting ratio [3], Therefore, in designing the relay, the ten- 
dency is to decrease the magnitude of the feedback, However, a significant decrease in the size of the feed- 
back leads to an increase in the lag time and to instability of the relay characteristic, Therefore, it is neces- 
sary to find a compromise solution in computing the positive feedback. 


A contactless relay may have a significant lag time (particularly in magnetic contactless relays), which 
decreases the autooscillation frequency in a system with VR. The use of a rigid, or of a lagged, negative feed- 
back for increasing the autooscillation frequency is inadmissible when using a contactless relay of this type, 
since this latter decreases the effectiveness of the positive feedback. When contactless relays are used, one may 
quite successfully employ flexible feedback paths. Flexible feedback is widely used to decrease the lag time 
of magnetic contactless relays [5-7]. Decreasing the relay's lag increases the autooscillation frequency in a 
system with VR. We now give an example of choosing the parameters of a flexible feedback. 


As will be shown below, by means of a flexible 
a | feedback it is possible to increase the autooscillation 


Wil ape w frequency, not only due to a decrease in the relay's 


—— lag, but also due to a change in the regulator para- 


meters, 


As an example, we shall demonstrate the method 


of choosing the flexible feedback parameters for the 


case, considered above, of a relay system for controlling 


the speed of an asynchronous motor using contactless 
control apparatus — a magnetic amplifier and a mag- 


netic contactless relay (3] (Fig. 2b). In this case, the 


a relay's lag time significantly affects the autooscilla- 


+ tion frequency. Taking into account of the dependence 
= Mim, (w) of relay lag on the current in the flexible feedback cir- 


cuit leads to quite complicated expressions. Therefore, 


NinJfa) the analysis given below attempts to show only the 


qualitative features of the influence of the feedback 


parameters on the autooscillation frequency. The 


pr w rough quantitative relationship resulting from this 


lw aren analysis must be made more precise empirically. 


Let the flexible feedback element have the trans- 


Hm 


i 

nd fer function W(p) = Cp/ (Lop* + Crp + 1) (circuit in 

\ Fig. 2b). The characteristic ImJ,(w) depends on the 
form of the characteristic equations roots, If the roots 
are real (r/2 > a), then the charac- 


teristic ImJ,(w) has the form (in this case x = + z): 


nr 


Im J, (w) = = 


(21) 


ry 
ite +e +e 


‘ny The characteristic in (21) for L <¢ C (Fig. 3c) 


imo) 


| shows that the flexible feedback varies the system para- 


meters in such fashion that the autooscillation frequency 


Fig. 3 is decreased for wp, > wy - On the other hand, the 


flexible feedback decreases the relay's lag [5] and there- 


by increases the autooscillation frequency. Consequently, it is necessary so to choose the flexible feedback para- 
meters that ImJ,(w) = 0 (Fig. 3c). 


If the roots are complex (r /2 < ¥L/C, pyy = —b + jw») then, after some transformations, we obtain 


Ue sinn—* 
Im J;(@) = - = (22) 
wok (4 2cosn + ¢ 
b 
Ue cos x — 2% 4 2 43 
Re J,(w) = ( 


ot (146 acon | 


Figure 3d, gives the characteristic in (22) for b << Ww». 
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If the parameters of the flexible feedback are properly chosen (ws is about 1.3 w, or 1.4 Wp,- where 
Wp, is the autooscillation frequency in a system without feedback but with a lesser relay delay), then a signifi- 
cant increase may be obtained in the speed autooscillation frequency due both to the decrease in the relay's lag 
and to the changes in the regulator parameters, In this case, the characteristic ImJ,(w) intersects the axis of 
abscissas, 


: In order to elucidate how the feedback affects the speed autooscillation frequency for y + 0.5, we 
equate the second term in expression (8b) to zero, After some transformations, we obtain 


an on 
sin w (0,5 — 7) = sin = SiN (0,5 + 7) . (24) 
It is easily understood that condition (24) holds if 


where mand 1 are arbitrary positive integers. 
By taking (13) into account, we obtain 


l= 0.25 m? — 
(26) 


It follows from (26) that 2 can be an integer only for largem, With this condition, we obtain from (25) 
and (26) that yy ~1 and y, ~ 0. 


Thus, the feedback parameters chosen for y = 0,5 increase the speed autooscillation frequency over al- 
most the entire range of load variation. 


Figure 4 shows the oscillograms of the variations in speed of a motor controlled by the circuit of Fig. 2b, 


Nay =230 tpm Ray =520 tpm [May =880 
a=08 
A=t% A=t6% A=+6% 
a n 
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both without correcting feedback (Fig. 4a) and with a flexible feedback path containing an oscillatory link (Fig. 
4b). The following nomenclature was used for Fig. 4: 


{ 
] 
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| 
| | 
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The correctly chosen flexible feedback containing an oscillatory link can give the very best effect of 
increasing the autooscillation frequency in a system with contactless relays. 
SUMMARY 


1. A system of electric motor speed control with vibration regulators, for y = 0.5, can always be reduced 
to a relay system with symmetric relay characteristics and nodead zone, In this case, for choosing the parameters 


of the stabilizing feedback one may use the simplest construction employed for relay systems with symmetric relay 
characteristics, 


2, Conditions (7) show for what range of load variation the feedback, whose parameters were chosen 
for y = 0.5, will increase the autooscillation frequency. In the majority of cases, conditions (7) hold over the 
whole range of variation of the motor's load. In the case when ImJ,( w) = 0 for some values of w, the range of 
load variation in which conditions (7) hold may be found from expressions (8). 


3. Rigid and lagged feedback paths, which are ordinarily used for stabilizing vibration systems of elec - 
tric motor speed control, are not applicable for certain types of contactless relays. In such cases, flexible feed- 


back may successfully be used, 
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ON THE TRANSFER FUNCTION OF AN ASYNCHRONOUS 
TWO-PHASE MOTOR 


Vv. G. Kutvinov 
(Podol'sk) 


The paper considers the special features inherent in the 
determination of the coefficients of the transfer function of a 
motor for amplitude and phase modulation, An engineering 
method for determining the transfer function is presented, An 
analysis is carried out of the effect of nonlinearity in the motor 
control characteristics, 


Basic Relationships 


The electromagnetic processes in a two-phase motor which determine its rotational torque and speed are 
described by the system of equations [1] 


ay. 
ad¥ d¥ 
O= ier + We be, 
T = MI,i. — MI, i, 

where T is the motor‘s rotational torque, ,, is the nominal rotational speed of the rotor; the subscript "c* de- 
notes elements of the control circuit and currents in this circuit, the subscript “e” as the same use for the ex- 
citation circuit, The elements of the motor's power supply circuit are shown in Fig, 1 (the excitation circuit 


has analogous elements and is not shown), in accordance with which we use the following notation in the sytem 
of equations in (1): 


Ky = Be, Re=Ret+Ry Yo=le(ln+M), $y =(La+Myic. 


If we write the voltages and currents in complex form, using the theorem on equivalent generators, the 
system of equations in (1) can be generalized for any motor supply circuit, including the circuit of Fig. 2: 


Ack, = Zele + Zm(le— ic), 0 = + Zm(ic—1d + (2) 
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Aekte = + Zm(hm—ie), 0 = + Zm (ie — 
T = Re [Migie— Mh ig). 
Here, we use the notation: =.juM, Zs = jwolge, 


4, Zi. + Ry, + Jools, Z = Ziet R + 


ts Zin. AcE. and Acke are the internal impedances and emf's of the equivalent generators of the control and 
excitation circuits,respectively; the sign*® here and in the sequel denotes the complex conjugate of a quantity. 


| 


Un 


Fig. 1. a) is the circuit, without transformers, of the 
motor connections, 1 is the modulator and ac ampli- 
fier, b is the replacement circuit of the output stage, 
Ky is the gain of this stage, Re is the output impe- 
dance of the stage, Ls, and Ry are the induction leak- 
age and active impedance of the motor's stator wind- 
ing, Lg andr are the same for the rotor winding and 
M is the coefficient of mutual induction of the stator 
and rotor windings, 


We now introduce the relative variables p = T/T, and y = Wp/ w,. 


Here, Ts is the motors starting torque for a symmetric supply ( & 6 = sin ® = 1); 


Zre 


10* 
Tor (3) 


re 


Wp=w 9/Pq is the synchronous motor speed, pq is the number of - of poles of the stator winding, aed? . 

=E Ee is the symmetry coefficient of the supplying voltages, Bel A = kc is the symmetry 
yam coefficient of the motor supply circuit, Z,,. and Zke are the transmission impedances of the control 
and excitation circuits with the rotor braked, 9 = ¢ + ¢ is the phase difference of the currents in the motor's 
stator windings with the rotor braked, Zre is the modulus of the excitation circuit impedance, measured on the 


rotor's side, Zreele = 2, + ZeZm/ (Ze + Zm), E is the actual value of emf of the supply source for the ex- 
citation circuit, 


Solution of the system of equations in (2) for the constant-speed steady state leads to the expression 
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¥ (Ki + a*B*Ks) — sin 72°08 — %) 


» = a8 sin — 


r = 


Here, Ze ¥c ts the complex impedance of the impedance of the control circuit, measured on the rotor's 
side, The coefficients Ky and Kg are defined by the expressions 


COS rCOSP_ 4 


(5) 


Since | Ky] = 1/ 2, | Kg] = 1/2, < cos andr/Zr_ < cos in the limit, 0 = y = 0.8, L.e., 
at the limits of the operating portion of the motor characteristics, all the terms in the denominator of expres- 
sion (4) are less than unity, if 2r > Z,. and 2r > Zye. 


Therefore, expression (4) may be expanded in the series 


= a8 sin 0 — (K, + — — (6) 


It is obvious that the general solution of the system of equations in (2) for the transient response can also 
be given as the sum of an infinite series in powers of y. But y < 1, and the changes in speed, Sy , are much 
less than unity, this being the more valid, the higher the frequency of speed change. Based on this, one may 
substitute in the general solution, with a high degree of accuracy, yAy » Ay? s Ay*® s—0, 


Then the general solution for the transient response of the system of equations in (2) leads to an expres- 
sion which differs from expression (4) only in the coefficients of the zero and first powers of y. It is therefore 
now possible, in solving the system of equations in (2), to limits oneself to the first power of y and to seek the 
solution by setting the average speed equal to zero. 


Let the input of the amplitude modulator be acted upon by a harmonic function of frequency 2, Then, 
the voltage in the motor's control circuit will be 


608 — 9) t + + Ke 008 + 2)t + gh 


where Kn = Kye! ?N and Ke = K,j#e are the complex transmission factors of the amplifier and modulator for 
the frequencies of w, 2 and w, + 2, and E,,, is the amplitude of the signal voltage at the modulator input, 


Further, let the following voltage act on the excitation circuit 


Ce= Eq (Wot + 9s). (8) 


The solution of the system of equations in (2) for these voltages leads to an expression whose real part 
defines the rotational torque of the motor as a function of its speed and controlling voltage: 


2. (9) 


— Roert| 


Here, #* is the multinomial which is the complex conjugate, with respect to p, of the first two terms of 
the right member, P = 1Q, = jQ, q = + JQ, Ky = Kel? 0 is the complex transmission factor of the 
amplifier and modulator at frequency “9, Z, and Zq are the impedances of the stator winding control supply 
circuit at the frequencies, respectively, of and +, and Zqr are impedances of the motor control 
circuit, measured on the rotor's side, for the frequencies, respectively, of W,— Q and w,+Q and Zag =t+ 
+ + 


The torque # (p) is balanced by the moment of inertia and the frictional torque, If the dry friction torque 
is ignored, the variable component of motor speed may be written as 


(10) 


=1(a+P 


where 


J 
(11) 


J is the moment of inertia of the motor*s charging shaft and k is the coefficient of viscous friction. 
Equations (9) and (10) permit one to write the expression for the transfer function 


K, sin 0A (P) 
W (P) BKe 
(a+ + KN (P) 


in which the operators A(P), D(P) and N(P) are defined by the expressions 


Kosin 0 0 Zo+Zm 


A(P) = Ro-+| 
nie Z,+sM\" (Z,.\° 
sin 6 (Zan + 9M) |: 
2, q ( ber 
N'(P) = Re | + 


+ Lm Lar ( Z, + 5M nd (1c) 
Botta) 


and the symbol "Re" defines the real coefficient with respect to P. 


The expression just obtained for the transfer function is difficult to use in practical computations, since 
direct calculation of the coefficients by means of expressions (13) necessitates the carrying out of rather lengthy 
mathematical transformations, 


Fig. 2, a) is the circuit for a four-stage amplifier with a two- 
phase motor at its output, b) is the replacement circuit of the 
amplifier’s output stage, “e-f* are the input terminals of the 
motor winding, # and Rj are the gain and internal impedance of 
the output tube, Ug is the voltage signal at the tube's control 
grid, L is the induction of the transformer's output winding, 

Cy = 0.1 microfarad, C, = 0.2 microfarad and Cs = 6 micro- 
farad, 


However, the method for determining the transfer function can be essentially simplified if, in expression 
(12), the operator N(P) is replaced by D(P), i.e., if one writes 


D(P)* (14) 


With this simplification, the coefficients of the transfer function will be determined with a certain error, 
the relative size of which depends on the relationships of the coefficients of T W»/ pg. 


For the simplest motor connection circuit (Fig. 1), the following values of the coefficients of operators 
D(P) and N(P) (with the assumption that induction leakage in the motor winding equalled zero) were obtained 
from expressions (13). 


The coefficients were computed for a motor with R, = 20 ohms, r= WM = 50 ohms. 


For more complicated motor connection circuits, the computation of the coefficients ofoperators D(P) and 
N(P)involves rather difficult transformations of expressions (13) which are impossible to carry out without the 
aid of computers. However, it may be assumed that even in the case of more complex circuits, the coefficients 
of D(P) and N(P) do not differ from each other more than the amounts given in the foregoing table since, as fol- 
lows from expressions (13), they are defined by the absolute values of the circuit impedances, 


As shown by a comparison of the data on existing two-phase motors, the values of the coefficients of 
rw / Pq are usually not less than ten to fifteen, which exceeds the coefficients of operators N(P) and D(P) by 
a factor of ten to twenty, With these relationships, the replacement of operator N(P) by D(P) leads to an error 
in determining the transfer function coefficients which does not =xceed 5% to 7%, which is not beyond the 
limits of engineering calculation accuracy, 


If motor contro! is implemented by varying the initial phase of the controlling voltage 


= Emcos (wt + Apsin 22), 


| 
| 


then, for the voltage in the motor control circuit, in the limit of small changes in the initial phase, one may 
write, instead of expression (7), 


q&= EmK 9008 Wot — Ky 008 — Q) t + + 


(180) 
+ Ke cos 2) t + oe). 


In this case, the average speed equals zero for 9 = 0, Therefore, by repeating all the mathematical 
transformations, and making the substitution 9¢ = ® — 7/2, we obtain, instead of (12), the following expres- 
sion for the transfer function: 


P in 0, A (P 
(a DP) + (P) (16) 


After replacing operator N(P) by D(P), we get 


W (Pp) aB sin 0 ¢ A(P) 


1 
d 4 pm DM (17) 


Expressions (14) and (17) allow one to avoid the lengthy mathematical transformations connected with 
the determination of the transfer function coefficients. The operator A(P)/ D(P) is determined from equations 
(2) for the short-circuited mode, and it is therefore possible to employ a graphical method which is not only 
simpler, but more revealing. 


Graphical Determination of the Function A(P)/ D(P) 


Let the controlling voltage defined by expression (7) act on the magnetizing loop of the motor's control 
winding, and the voltage defined by (8) on the magnetizing loop of the motor‘s excitation winding (points a 
and b on Fig. 2b), Then, the currents in the motor's stator winding will be 


EmKe sin [(m + 2) t + sin [(@9 — Q) t + 
2M (+ 2) 2M (@—Q) 


1 E sin (@ot + 93) 
Mo, 


We determine the current in the motor‘s rotor windings with the condition that the induction loss in the 
rotor windings is ignored: 


(18) 


Ke 008 + 2) t + E 008 2) t + 
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This simplification cannot lead to significant error, since the coefficients of operator A(P)/ D(P) are de- 
fined by the frequency characteristics of the multiloop circuit (modulator, amplifier and motor — Fig. 2a) and 
the relative influence of the induction leakage from the motor's rotor windings is negligibly small, 


If we substitute the values of current from expressions (18) and (19) in the torque equation (1), we get 
— 2) 
T = sin — 9p) 008 (Qt — Po) — 
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By bearing in mind that sin Mt = cos (Qt — ™/2), we have 


(200—0) K,, (200 + 
4K, (@—Q) 4Ko + Q) 


= T ya, sin (ps — 
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If motor control is implemented by varying the initial phase of the controlling voltage then, by assuming 


that a voltage defined by expression (15b) acts on the magnetizing loop of the motor‘s control circuit, we obtain, 
after mathematical transformations similar to (18)-(20), 


T = Ta, sin — $9) — 9%, sin (ps — Po) X 


(2a — Q) K,, + 2) 
(Mt — Go) — 008 (At + Ge — 
K (22) 
— cos (Ps — Po) sin (Qf — o) + 


K , (2 + Q) 


We note further that, with phase modulation, 6 = const 1,— 1/2 = = 1/2 with the average 
speed equal to zero for #3 — #, = 0, while for amplitude modulation (¢3 — #9) = const * 1/2, We therefore 
carry out the substitution sin ( ¢s — 9) = cos (?3 — %, — 7/2), In addition, we introduce the substitution cos Qt = 
= sin(Qt— 2/2) since, in the given case, the input modulating function varies sinusoidally (15a), For the 
variable component of the motor torque, we write the following equation in complex quantities: 


Kj, (200 — 2) 


TW = AgT {sin —Q) (oo +0) 


The torque Ty, %» sin (%3 — %,) can be expressed in terms of the voltage acting on the input terminals 
(points c and d on Fig. 2b) of the motor control circuit, starting from the condition of torque equality: 


T — = sin 9, AgT sin( — —-7-)= sin 6 . 


Instead of expressions (21) and (23), we write 


(2) — Kei 
apsind| 0) | 0) 
(@0 — 2) (@ + Q) (25a) 
sin® | 4K, (@—2) 4Ko (m+ 2) 
af 
4K, (@ — Q) (@ + 2) (25b) 


It follows from expressions (25) that, in both cases, the function A(P)/ D(P) can be written in the form 


4 (26) 


The most essential difference between the transfer functions for phase and amplitude modulation {s that, 
with amplitude modulation, the angle 9 does not vary, while for phase modulation the angle ¢ varies as a 
function of the value of the input modulating function, Correspondingly, the factor cos 9¢ / sin 9+ in expression 
(26) also varies and, consequently, so does the function A(P)/ D(P). 


For amplitude modulation, the angle ® = const and, 
in practice, equals m / 2, therefore we may write, instead 
of expression (26), the simpler: 


A(P) _Ky(29—Q) K, (200 + Q) 
D(P) — Q) 4Ko + 2) 


It is impossible to make a similar simplification for 
the case of phase modulation, Expressions (26) and (27) 
allow the amplitude-phase characteristics of the corres- 
ponding functions A(P)/ D(P) to be found by graphical 
constructions, 


In the majority of cases, the electric circuit from 
the modulator to the motor consists of several noninter- 


Vin | Ries ce connected contours, The complex transmission factors 
of these contours as functions of frequency, K(jw), may be 
eae “a given for some simplification of the environment, For 
example, for the typical contour circuits shown in Fig. 3, 
Fig. 3, Circuits of typical contours and their it suffices to ignore the transformer’s induction leakage 
frequency characteristics, and the capacitance of the mounting. 


The complex transmission factor as a function of 
frequency may be obtained for the whole circuit by simply multiplying the complex transmission factors of the 
individual contours which, again, is conveniently done graphically, 


Figure 4 gives the frequency characteristics, K(jw), for the individual stages of the given concrete ampli - 
fier circuit of Fig. 2, The frequency characteristic of the entire circuit of Fig. 2, The frequency characteristic 
of the entire circuit and the amplitude-phase characteristic corresponding to the operator A(P)/ D(P) are given 
in Fig, 5. 
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Fig. 4, Frequency characteristics of the amplifier stages. a, b,c, 
and d are the characteristics, respectively, of the first, second, 
third and fourth stages, 


In those cases when there is only one reactive element (one capacitance or one iuductance) in the con- 

tour, the complex transmission factor of the contour as a function of frequency, is a semicircle (Fig. 4b and c), 
To this type of contour belong, for example, the anode circuits of the second and third stages of the amplifier 
shown in Fig, 2, The laying out of the frequencies is also conveniently done graphically in this case, This is 
done in the following way (Fig, 4c). If we draw a straight line parallel to the real axis and tangent to the semi- 
circle, then the point of intersection of this line and the circle corresponds to the frequency, 4, for which the 
argument of the complex transmission factor equals 45°: arg (K(jw,)) =.45°. By thus obtaining the frequency of 
the point of intersection, we obtain the scale for laying out the frequencies along the straight line just drawn, 
The dispoisition of the frequencies around the circle is obtained from the intersections of straight lines from the 
origin of coordinates to the points on the scale line corresponding to the individual frequencies, 


Effect of Nonlinearity in the Motor Control Characteristics on the Transfer Func- 
tion 


The coefficient a + Ky in expressions (14) and (17) defines the slope of the tangent to the control charac- 
teristic y = f(%) on the initial portion of this characteristic (for y + 0). Therefore, if these expressions are 
extended to the case of an arbitrary value of average motor speed, it is necessary to substitute for a + Ky in ex- 
pressions (14) and (17) some coefficient K( y ) which defines the tangent to the control characteristics at any 
arbitrary point, 


By substituting for in expression (3) its value from the relationship # = ay, and then differentiating with 
respect to a and y, one can show that, for any practically possible cases of viscous frictional load on the motor, 
and for any motor parameters, the value of K(y ) can vary between the limits ~ 0.5 = K (y) = 16 as the average 
motor speed varies from = = 0 to = = 0.8. 


Figure 6 shows the reciprocal amplitude-phase characteristics corresponsponding to the circuit of Fig, 2 
for various values of the coefficient K(y) within the limits stated, 


910 


eps Wa (ie) 
40 
/ 
+00 
* 
100 
70 
a 
thro 
20 40 60 8 tJeo f= 
20 
JO 
40 
= 
b 60 
70 
80 
90 
100 
d 


Fig. 5. Frequency characteristic of the en- 
tire circuit, 1) is the conjugate low-fre- 
quency arm of the circuit characteristic, 2) 
is the high-frequency arm of the circuit 
characteristics; 3) is the amplitude-phase 
characteristic corresponding to the opera- 
tor A(P)/ D(P) and 4) is the reciprocal 
amplitude-phase characteristic, corres- 


As may be concluded from Fig. 6, the worse condi- 
tions for stability of motor speed control correspond to an 
average speed equal to zero. 


It is advantageous, in practical computations, to 
orient oneself by these worst conditions and, therefore, in 
these computations, it should be assumed that K(y ) equals 
K, + a. In this case, the coefficients of the transfer func- 
tion are defined by relationships (4), (5) and(11). The 
complex ratios, r/Z,,, and r/Z,,, necessary for substitution 
in the formulae listed, are determined by experiment on 
the motor when free-running, short-circuited and synchro- 
nously opposed, 


SUMMARY 


1, The transfer functions for the ac circuits with two- 
phase motors differ, for amplitude (14) and phase (17) modu- 
lation, only by constant coefficients but, with phase modu- 
lation, the transfer function is nonlinear due to the depend- 
ence of the operator A(p)/D(p) on the value of the input 
function. 


2, When there is negative feedback of the speed, 
stable regulation is possible for any value of motor para- 
meters if the feedback gain is chosen with the condition 


Pao 
Ke> 2K,wop sin® 


3. The use of a graphical method of determining the 
transfer function of the modulator-demodulator link allows, 


ponding to the operator D(P)/ ACP). with sufficient simplicity, the analysis to be carried out of 
the effect of nonlinearity of the motor's transfer function 
even when the motor is operating with other, including non- 
linear elements, 
400 
* —2=2i 
* 
| 20 
+ 
co 


Fig. 6. Reciprocal amplitude-phase characteristic of the link amplifier 
two-phase-motor for various values of the coefficient K( y). 1) is for 
K(y) = —0.5; 2) is for K(y) = 0; 3) is for K(y) = 16. 
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ON THE ACCURACY OF HALL ELEMENTS 


L. S. Vasil*chenko, L. V. Sentyurina and B, S, Sotskov 


(Moscow) 


With the discovery and investigation of semiconducting materials with large drift mobilities, such as InSb, 
InAs, Ge, HgSe, HgTe, there appeared the practical possibility of using the Hall effect for solving a series of 
technological problems [1-13]. Based on the characteristics of these materials, as shown in Table 1 [1], one 
can conclude that the most promising materials, from the point of view of practical usage, are InSb and Ge, 
Elements using the Hall effect may be employed as magnetic field strength measurers, magnetic induction 
measurers and large current measurers (up to a thousand amperes); they may be used as transducers, modulators, 
detectors and also as computer elements, Elements using a change in ohmic resistance in magnetic fields can 
be employed as measurers of magnetic fields, magnetic induction and current, as transducers, modulators and 
detectors, and as de and ac amplifiers. 


We shall consider the application of elements using the Hall effect (Hall elements) for the measurement 
of magnetic flux and we shall show, based on an investigation of the possible errors, the expediency of con- 
structing such an instrument. 


We first give certain basic functional relationships for Hall elements, 


When a flat conductor is placed in a magnetic field (Fig. 1), there is a tilt of the equipotential surfaces 
by an angle 9 which can be found from the expression 


3n E 
tan 0 = =] 


where Hy, = Ve E is the electron mobility in cm? /second volt, B is the magnetic induction in volt-second /ent, 
Ve is the speed of electron motion in cm/second and Ex and Ey are the electric field strengths, in volt/em, 


along the x and y axis,respectively. 
It is well known that the voltage at the Hall electrodes is defined by the relationship 


I 
Uy = 


where Ry, is the Hall constant, I, is the current whose direction coincides with the direction of the x axis, d is 
the thickness of the flat specimen and Cy is a correction factor which depends on the relationship between the 
specimen dimensions (Fig. 2), 


When a Halli element operates on an external load, the voltage between the Hall electrodes, and the 
current in the circuit of these electrodes, are defined by the expressions 


U 
Uy = (B)Iy + Un, 


TABLE 1 


a 
Scentimete 


‘Ris Mobility ..in 


Copper 1,6-10-*] — 27 

Bismuth 5-40 | — 

Silicon 36-408 | — | 350 

Germanium 50 |3.6-40° | 1800 

um 

stibide 

Indium 2,5-40-1] 10% | 30.108 | 200 
arsenide 

4-10-* |5-410!7 | 10-108 
sele 

Me 6,7-10-8 | 5-40 | 40-108 |~500 
telluride 


where r,,, (g = 9) 18 the element's internal impedance between the Hall electrodes in the absence of a mag- 
netic field Uy. 1s that portion of the Hall voltage which drops across the load, r,, and n, is the load imped- 
ance, 


We denote by A the ratio of to Then, 


Uy 1). 


The relationship between the Hall voltage and the magnetic induction is not linear, since with increasing 
B, both U, and rin increase, The deviation from linearity will be the less, the lower, for a given specimen, {s 
4 p /p = £(B), where p is the specific impedance of the elements material, and 4? is the absolute change in 
specimen impedance when the latter is placed ina. magnetic field. 


The sensitivity of the element to the voltage between the Hall electrodes, as a function of the magnitude 
of the magnetic induction, is determined from the formula 


By expressing I, in terms of the admissible power leakage, Per adm» We get 


y/ sadm- 10", volts/ oersted 


Figure 3 shows the relationship Uy = f(B, \). Ordinarily, values of A = r tp = 9) ate chosen for which 
there is a linear relationship between Uy and B, This magnitude are \, designated by A opy, is one of the para- 
meters of a Hall-element. Usually, even for \ opr, there is a certain deviation from linearity in the relation- 
ship U, = f(B,A), as is shown in Fig, 4. We denote the greatest value of this deviation by € .,,,, and find its 
value ior A (Fig. 5), The least value of € .,,, Will correspond to A opt. 


The error when a Hall element is used to measure magnetic fields may be estimated in the following way. 
When using an external (to be measured) magnetic field lying between the limits of B = 0 and B = 10 gauss, & 
certain nonlinearity occurs in the relationship Uy = f(B, 4). The minimum value of the error, AU; corresponds 
to some value of 1, which must be determined from the graph of Fig. 5. 


— — |2-10-10 
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—9i0? | 3,0 | 0,35 | 3,4 500 
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Moreover, there must be taken into account the residual voltage U' which, for existing methods of pre- 
paring Hall elements, lies within the limits of (0.25 to 2.0)-107° volts. "To obtain an instrument with a given 


error (i.e., in a given class of accuracy) N, it is necessary that the upper limit of the voltage taken off from the 
Hall electrodes equals 


+AU" 
Uy max= 


By bearing in mind that AU} = € maxUy max, we get 


U 


The magnitude of the current in the circuit supplying electrons is determined from 


It is necessary that this value of current be less than I, 4,,,, defined by the condition 
where b is the width of the plate, d is its thickness, /, is the total heat transfer coefficient, Oi ane is the ad- 


missible superheating temperature, nax ~ Where is the ambient temperature; for Ge, 9 
= 65 degrees C. 


If P depends essentially on the temperature, then the following formula should be used 


V 
(1+¢ 


For existing units, the following values are characteristic: € _.,, = 0.5% to 1.0%, Igam ~ 9-075 to 0.6 
amperes, Uy max = 0.045 to 0.450 volts. 


In case the Hall element is used in magnetic systems with ferromagnetic materials, account should be 
taken of the additional error due to the magnetization hysteresis characteristic, Figure 6a, shows the mag- 
netization cycle of a ferromagnetic material and, on Fig. 6b, there is shown the resulting magnetization charac - 
teristic of a magnetic system with an airgap equal to 5, The slope of the cycle axis equals 


Ss ny 
a= arctg (2 
where S, is the cross-section of the wirgap, ! ,, and S,, are the length and cross section of the magnetic cir- 
cuit, ng and ny; are the scales of the ordinate and abscissa axes respectively. If the coercivity equals H,, then 


the greatest error in magnetic induction will equal 2 4B = 25,7 .H,/ 68,,,, which corresponds to the additional 
error from the voltage 
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Thus, the necessary value of Uy max Will equal 


+ AU. + AU" 
Uy max = 


The accuracy class attained is 


Nm + ® max 


Finally, it is necessary to take into account the errors arising from the effect of temperature. This effect 
mant ‘ests itself in two ways, First, the Hall coefficient varies with changes in temperature. In the limits of 
+ 20° C to 100° C, this change can usually be considered to equal 


. where Ry, is the Hall coefficient at the temperature 20°C, , is the temperature coefficient of the Hall coef- 
ficient variation; &, = 0,0250/degree for InSb, = 0.005/degree for InAs and = — 0.0002 /degree for mixed crystals, 


4 . Moreover, the value of r;,, changes in accordance with the law, 
tin = ( —20°)}, where r,,, , is the internal impedance 
of the specimen at 20°C, a; is the temperature coefficient of the 
impedance variation, 9 ,, is the working temperature, For example, 

z for InAS a? = — 0,0023/degree, A change in rt, leads to a change in 


the value of A and, consequently, increases € max’ ‘Me nonlinearity 
error, To take the temperature errors into account, it is necessary to 
5 determine the possible changes in rj, and A, and to find the new value 


of the nonlinearity error € _,,, corresponding to the value of 4. More- 
over, the error from the variation of the Hall coefficient should be 

Fig. 1. A Hall element in a mag- found, this being equal to 

netic field, 


Cp=Uy/Uy max 

The final error of the instrument is defined by the expression 
as 

N= yo y +e 
We now determine the instrument error for a Hall element pre- 
7m pared of indium arsenide (InAs), with the following conditions. 
0 


1. The maximum working temperature is +60° C. 
Fig. 2. Relative value of Hall 
voltage as a fi che the 2, The nominal value of the magnetic field equals 10,000 gauss. 


ratio of specimen length to 3. The magnetic systems of the instrument have one and the 
width, ? /b, same form and dimensions, but are prepared from three different ma- 
terials: Mo-Permalloy, electrical steel E3A and transformer steel E4A. 
The construction of the magnetic system is shown schematically in Fig, 7. The thickness of the magnetic cir- 
cuit block is 1cm,, = 0,05 cm., = 1.6 cm’, = 12.6 cm, S,, = 1.6 cm’. 
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| 
0 300 600 900 1200 1500 Bgauss 
Fig. 3. The Hall voltage as a func- 
tion of the magnetic field induction 
for various values of the parameter 
X for a Hall-element of germanium, 


The parameters of indium arsenide Hall elements, and a num- 


ber of data necessary for computing instrument error, are given in 
Table 2, 


The results of the error determinations for three ferromag - 
netic materials used in the preparation of magnetic circuits are 
given in Table 3. 


In connection with the attempts to use germanium for the 
preparation of Hall elements, we determine the maximum error 
of such instruments, starting from experimental data, Figure 8 
gives the dependence of the voltage between the Hall electrodes on 
the magnetic fields existing between the limits of +B,,,, and —B,,,,. 
It is clear from Fig, 8 that U, has the form of a hysteresis charac- 
teristic, and that the error due to hysteresis, ouy, about 11 milli- 
volts, 


The error due to temperature variation, 4U™, according to 
Fig. 9, is 123 millivolts, assuming that Uy max = 200 millivolts 
and On 0, = 25° Cc, 


10 
A NE 
0 
246 wR 
8 Waganss Aopt? 
Fig. 4 Fig. 5 


Fig. 4. The Hall voltages as a function of the magnetic field in- 
duction for the case of alinear dependence of Uy onB, and for an 


actual case. 


Fig. 5. The coefficient € as a function of the ration of load im- 
pedance to Hall-element impedance. 


Fig. 7 


By using Fig. 3, we may determine € ax, assuming that the resistance of the specimen decreases by a 
factor of about 1.5 when the temperature changes from 25° C: 


Yu—Yv iin 9,025, 
Uy tin 
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Uy + and U 


For A 


y 


y y max 


AU, + AU 


Ne = 


Fig. 8. Hysteresis dependency of Hall voltage 
on magnetic field induction for a Germanium- 
N5. Hall-element, I = 0.82 cm., b = 0.42 cm., 
d= 0,032 cm, Ry; = 1335 ohms, ly = 6 milli- 
amperes, 


Uy, mv 


0 


Fig. 9. The Hall voltage as 
a function of temperature 
for a germanium Hall ele- 
ment for B = 1300 gauss and 
I, = 6 milliamperes, 


= 200 millivolts, we have 


4+ = 0.692. 


It is thus clear that in the case of a germanium 

Hall element, the instrument error is determined on 
the basis of the error due to variation of the Hall volt- 
age with temperature, Consequently, to increase the 
accuracy Class of such an instrument, temperature 
compensation is necessary, The problem of tempera- 
ture compensation for temperature variations of + 5 
10+ 10° is solvable, For a wide temperature range 
(At = 60° C), the problem is significantly complicated, 
In designing instruments for measuring magnetic flux 
based on the Hall effect, it is advantageous to use 
semiconducting materials with low temperature de- 
_pendencies of the Hall voltage, for example, InAs, 

In this case, the total instrument error does not exceed 
2% on the average, 
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A CONTACTLESS METHOD FOR MEASURING SPECIFIC 
IMPEDANCE AND GEOMETRIC DIMENSIONS BY 
MEANS OF EDDY CURRENTS 


V. P. Grabovetskii 


— 


(Moscow) 


This paper considers a contactless method for measur- ’ 
ing the electric specific impedance of nonmagnetic materials ; 
and the geometric dimensions of large specimens of these ma- 
terials, The relationships are provided which relate the intro- 
duced impedances and the parameters of the specimens, when 
the specimens have the form of cyclinders, prisms and blocks 
with plane surfaces, 


I. Introduction 


The specific impedance is an important characteristic of materials, and its value is, in itself, of signifi- 
cant interest. Moreover, from the magnitude of the specific impedance one can predict many physical charac- 
teristics of the material, Thus, a knowledge of the specific impedance renders it possible to control the con- 
stituents and quality of a material, However, until now this possibility has hardly been exploited, since the eit 
existing contact methods of measuring specific impedance have a number of disadvantages, To make measure- i 
ments, it is necessary to prepared special specimens, In measuring specimens of short length and large cross- 
sections, the impedance of the specimen becomes commensurable with the unstable transient impedances of the 
contacts between the specimen and the measuring circuit, thanks to which the accuracy of measurement is de- 
creased, 


The use of contact methods makes it difficult to implement continuous automatic control of the magni- 
tude of the specific impedance on continous production lines, 


The contactless method of measuring specific impedance by means of eddy currents is free of these dis- 
advantages, The principle underlying this method amounts to the following. The specimen to be inspected is 
placed in the variable high-frequency magnetic field of a coil, Eddy currents are induced in the specimen, con- 
centrated in its surface layers. These currents induce their own magnetic flux, which is directed toward the 
basic flux, The resulting magnetic flux of the coil is varied, which engenders a change in the coll"s active and 
reactive impedances, The degree of this change depends on the specimen's specific impedance, its geometric 
dimensions, its form and on any defects present in it, Consequently, from the variations in the coil's parameters 
one can judge, not only the magnitude of the specific impedance, but also the specimen‘s geometric dimensions: 
diameter, lamina thickness, plating thickness, etc, Moreover, the method of eddy currents can be used to dis- 
cover blow holes, bubbles, cracks and structural inhomogeneities in the specimen, to mention a few of the pos- 
sible flaws. Thus, the eddy current measuring method has broad possibilities, and is very promising for use in 
automatic inspection systems, 


A number of works [1-4 and others] are devoted to the eddy current method, Férster [3] obtained the 
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relationship connecting the magnitude of the voltage induced 

in the measuring coil with the parameters of the cylindrical 
specimens being tested, where the source of the electromag- 
netic field was an exciting coil coaxial with the measuring 

coil and the specimens, Forster introduced the concept of the 
specimen's “effective magnetic permeability,” by means of 
which one takes into account the nonuniformity of the mag- 
netic field distribution across the specimen's cross-section due 
to the surface effect phenomenon, This concept distorts the 
physical nexus of the phenomenon, and leads the author to 
erroneous conclusions, What is very laudable in Forster's 

work is his use of the complex plane for representing the re- 
lationships connecting the voltage on the measuring coil with 
the specimen's parameters, This gave him the capability of 
measuring the specific impedance of the specimen indepen- 
dently of variations in its geometric dimensions and, conversely, 
of measuring the specimen's geometric dimensions independently 
of variations in its specific impedance, These results of Forster 
are used by us, 


In this paper, the approach to the solution of the problem 
is somewhat different; we consider the relationships between the 
impedances introduced in the coil and the specimen parameters 
when the coil is simultaneously exciting and measuring, The 
knowledge of such dependencies is necessary when the coil- 
transducer is connected to circuits which react to variations 
in the coil impedances, 


Il. Inspection of Cylindrical Specimens 


We now consider how the parameters of a solenoid vary 
when a cylindrical bar of nonmagnetic materisl is introduced 
into it (Fig, 1). We shall assume that the lengths of the sol- 
enoid and bar are sufficiently great that we may consider the 
conditions of the problem to be homogeneous in the direction 
of the solenoid axis, and we shall further assume that the fre- 
quency of the sinusoidally varying control flowing through 
the coil is sufficiently high for surface effects to ensue, 


For this we adopt an equivalent solenoid circuit, con- 
sisting of a series connection of active and inductive imped- 
ances, If the measurements are made at frequencies less 
than 1/10 the solenoid's resonant frequency, W», then we may, 
with an error not greater than 1% , ignore the shunting effect 
of the solenoid*s natural capacitance, and consider the active 
and inductive impedances of the equivalent circuit to be the 
actual values of impedance, All further conclusions are valid 
for frequencies less than 0,1 W». 


The expression for the total solenoid impedance when a 
long cylindrical specimen is introduced into it was obtained by 
Dwight [5]: 


2xpowoa W? ber (ma) ber’ (ma) -+- b2i (ma) bei’ (ma) = 


ber? (ma) + bei? (ma) 
(1) 


2nu,oaW? ber (ma) bei’ (ma) — bei (ma) ber’ (ma) rpooW? 
ber? (ma) bei? (ma) a*)|. 


Re 
| 
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Here, Rj is the solenoids inherent active impedance, /, = 0.4m -107* ohm second/cm is the magnetic 
permeability, W is the number of turns in the solenoid, a is the specimen's radius, b is the solenoid's radius, 
1 is the length of the solenoid and the specimen, m = V} My Wy, Y is the specimen's specific conductivity, ber 
and bei are, respectively, the real and imaginary components of the Bessel function I) (mavj), and ber* and bei* 
are, respectively, and derivatives of ber and bei with respect to ma. 


If we separate the real and imaginary parts of expression (1) and subtract from them the corresponding 
values of active and reactive impedance in the solenoid with no bar present (i.e., with a = 0) 


(2) 
Reto = | 
W 2b? 
X efo = (3) 


we obtain the values of the impedances introduced into the solenoid loop due to the introduction into it of the 
cylindrical bar of nonmagnetic material: 


2npowW%a her (ma) ber’ (ma) + bei (ma) bei’ (ma) (4) 


AR = ml ber® (ma) + bei? (ma) 


AX = 2xpowW2a (ma) bei’ (ma) — bei (ma) ber’ (ma) __ 
ml ber? + bei* (ma) (5) 


For values of ma > 10, we can use the asymptotic expressions for the Bessel function, and transform ex~- 
pressions (4) and (5) to the form 


AX Powy i . 


(7) 


a 
| 
. . 


The introduction of the bar into the solenoid changes both the active and reactive components of the total 
solenoid impedance, This circumstance makes it possible, by measuring 4R and 4X, to obtain simultaneously, 
and independently, information as to two bar parameters — the material's specific impedance Pp, and the geo- 
metric dimensions (the diameter): 


AR 
(8) 
/ 
w I bid 


(9) 


As is obvious from the expressions obtained, to measure P and a it is only necessary to measure the changes 
in the solenoid's active and reactive impedances when the bar is introduced into it, and also to know the sol- 
enoid's characteristics its length and the number of turns in it, Measurement of SR and 4X can be carried out 
by means of an automatic bridge with equilibration of the two parameters [6]. The values of 4R and 4X must 
then be fed to a computing device which, incorrespondence with (8) and (9), will output the values of the spec- 
ific impedance and the diameter, 


In order to estimate the relationship between the quantities 4R and 4X, and also to show graphically the 
character of their variation, we construct the curves of the function 4X = f (4R), with the quantity ma as the 
parameter,* The graphs will be constructed on the basis of expressions (4) and (5) for ma < 10, and expressions 
(6) and (7) for ma > 10, 


We shall operate with the relative values of the added impedances, 4R/X,,, and AR/Xef, is the solenoid's 
reactive impedance without the bar (3). 


The expressions for the relative magnitudes of the added impedances have the form: 


for all values of ma 
AR 2v_ber (ma) ber’ (ma) + bei (ma) bei’ (ma) (10) 
Xefo = ma ber? (ma) + bei? (ma) 
AX av ber (ma) bei’ (ma) — bei (ma) ber’ (ma) : (11) 
Xef » ma ber? (ma) + bei? (ma) 
for ma > 10, 
AR 
Xef o ma a2) 
AX V2» 
Xef o me (13) 


In these expressions, v = a*/b* is the solenoid's space factor. 
The functions 4X X_q = f(OR X_¢,) for v = 1,0, 0,64 and 0,36 and given in Fig. 2. 


The curves obtained are very important for the basis of the eddy current method of measuring. They are 
the starting points for the construction of the functions which will be given below, and they also show graphic- 
ally in what way one may measure simultaneously, and independently of one another, two bar parameters: 
specific impedance and diameter. 
*In [3], Forster gave an analogous diagram for the real and imaginary components of the voltage on the mea- 


suring coil, 


cu 


| 


Let us consider certain special features of the curves of 
Fig. 2 which render their construction easier, 


1, The functions = for ma = const 
and v = var, are straight lines from the origin of coordinates at 
the angle 

a= arctg——, (14) 
where 


Fig. 5 


C = 2 der (ma) bei’ (ma) — bei (ma) ber’ (ma) 
ma |ber* (ma) + bei® (ma)] 


Ax 2 bet (ma) ber’ (ma) + bei (ma) bei’ (ma) 
ma [ber* (ma) + bei* (ma)| 


2, Curves for different space factors can be obtained from one curve by multiplication by the space factor, 
Indeed, from the similar triangles OAD and OBE (Fig. 2) and on the basis of (10) and (11), it follows that 


OA AX, AR, 
OB ~ OX, AR,” (15) 
where 4X, and AR, are the added impedances corresponding to space factor vy and Bessel function argument ma, 
and 4X, and AR, are the quantities which correspond to space factor vg and the same argument, ma, 


It thus suffices to compute, using the Bessel functions, the curve 4X/Xeg, = f (AR/X,,,) for vy = 1; the 
curves for other space factors can be constructed on the basis of the relationships 


AX, = AXjr,, (16) 


R, = 


On the diagram of 4X/X,¢, = f (AR/X,,,) (Fig. 2), each point unambiguously defines the specific imped- 
ance of the bar material and the bar's diameter, By using the diagrams of Fig. 2, with a sufficiently dense net~- 
work of curves, one can obtain the values of y and a by measuring the added impedance of the solenoid and 


knowing the solenoid characteristics and the frequency of the current, 

It is important to note that changes in the specific conductivity and diamete: of the bar shift the points 
characterizing the bar on the diagram of 4X /Xeg, = f (AR/X,,,) in different directions, separated by an angle 
of ~ 1/4 (for ma = 4), This fact might be used by employing two phase-sensitive elements, and graduating 
one instrument in units of conductivity and the other in units of length, 

Based on expressions (10)-(13) and on Fig, 2, the curves of AR/X,¢, = fy (ma) and 4X / Xefy = f (ma) were 
constructed on Figs, 3 and 4 respectively, showing, in another scale, the functions AR/X,5, = #y (y) and AX/X_¢, = 
= (y ). 

These curves permit a number of conclusions to be drawn, 


1, To obtain maximum sensitivity, it is necessary to try to carry out the measurements with the largest 
possible space factor for the solenoid, 


2, From the point of view of sensitivity in measuring specific impedance, the most useful values of ma 
are between 1,3 and 2,3, 


— | 


At/Arey 3, For measuring diameter, it is convenient to 


ne use the changes in reactive impedance for large values 
of ma, 
-2 VA 
30 Let us turn again to the question of choosing the 
28 optimal frequency for measuring bar diameters, For 
6 sufficiently high frequencies (ma > 10), the added im- 
<sS 4 pedances are found from expressions (6) and (7), If 
ma > 140, the added active impedance, in comparison 
with the added reactive impedance, can be ignored 
: with an error less than 1%, The same holds for the 
| first term of expression (7). 
T ’ Thus, we obtain the approximate formula for de- 
J termining the radius of the bar: 


Fig, 6 


For measurements of bar diameters, it is con- 
venient to choose values of ma > 140 since, in this case, the magnitude of the specific impedance of the bar 
material does not affect the results of measuring the diameter, With this, the sensitivity, dAX da, is maximal, 


III, Inspection of Prismatic Specimens and Blocks 


We now find the expression for the desired impedances in the case when the specimen is prismatic in form, 
The necessity for such functions arose with the development of methods for inspecting the magnitude of the 
specific impedance by electrocarbon brushes [12]. 


With the introduction of a specimen, the total impedance of the solenoid fs 


U 


where Ri is the solenoid's active impedance, which is contributed to both by the solenoid's inherent active im- 
pedance at the given frequency, R,, and by the heat (Joule effect) loss in the specimen, X of is the solenoid's 
active impedance, account being taken of the change in magnetic flux in the solenoid due to the presence of 
the specimen, Us the voltage supplied to the solenoid and I is the current flowing through the solenoid, 


The voltage supplied to the solenoid is defined by the expression 


=1R, + = ik, + joow, (20) 


where # is the solenoid's flux linkage, t is time, is the solenoid's magnetic flux, @ = f o Hds, His the mag- 
netic field strength on area element ds of the solenoid's cross-section, s is the solenoid's cross-sectional area. 


For a long solenoid and specimen, the magnetic field in the air gap between the solenoid turns and the 
specimen may be found from the formula 


(22) 


The distribution of the magnetic field along a four-sided prismatic specimen placed in a long solenoid 
(Fig. 5) was found by G, A, Rasorenov [7]: 


Ww 


le 
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(23) 


Hm d 2 cos cos vy |, 


where x and y are the coordinates the point of the soins meena section under consideration, 2c 
and 2d are the dimensions of the specimen's cross section, 


k= V jpowr 


4 (2n—1) 1, 2, 3,...). 


2 


On the basis of (19)-(23), one can find the expression for the solenoid’s impedance, and can then find 


the expressions for the impedance added to the solenoid when a prismatically shaped specimen is introduced 
into it: 


AR = sin (V2 md) — sh (V2 ma) |- 
ml cos (V 2 md) + ch (V2 md) 


32powdm*W? sin acos 39 + sh sin 39 


(2n — 1)? (cos a + ch B)’ (24) 
n=1 
AX — 2V2 poweW? sin (V2 md) + sh (V2 md) 


(25) 


2 3 sh 8 cos 39 — sin a sin 39 
(2n — 1)? (cos a + ch B)* 


Here, 
a=2chcosp, B= 2chsing, 


The computation of expressions (24) and (25) does not entail any difficulty, since the sums entering into 
these expressions converge rapidly and, in practice, may be limited to the first three terms, 


We now give the formulae relating the magnitudes of the impedances added to a circular (toroidal) coil 
with the specimen’s parameters when the specimen is a block with a plane surface and the coil is above, and 
parallel to, this surface (Fig. 6), These formulae were obtained on the basis of the rules of inductance increase 
which were formulated by Wheeler [8} 


_ (26) 
AX = porw (In 2)W?, 
An 
dV 2opoy 


Here, r is the coil's radius, d is the distance from the mean height of the coil to the block, Formulae (26) 
and (27) are valid for the case when 2d << r and for very high frequencies, when the depth of permeation is at 
least two times less that the thickness of the block, 
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If we transfer over to relative magnitudes (by dividing expressions (26) and (27) by the coil's inductive 
impedance when no specimen {s present 


8r 1 
Xef 2) == toro W?, (28) 
where a is the radius of the solenoid's cross section) we can construct the curves 


AX AR 
AXer, / 


for various values of d and m = 42 Hywy (Fig, 6). By going to relative quantities and introducing the quantity 
A =[1n (8r/d)—2)~, we make the curves of Fig. 6 universal, t.e,, the curves become valid for coils of different 
dimensions, 


It is clear from these curves that, for specimens with extended plane surfaces, eddy current measurements 
allows information to be obtained simultaneously with respect to two parameters, the specimen's conductivity 
and the distance of the conducting surface of the specimen from the coil transducer, This latter makes it pos- 
sible to measure the depth of the nonconducting plating on metals, and also to construct very sensitive contact- 
less displacement transducers, 


IV. ‘Sources of Error 


In conclusion, we consider briefly the sources of the errors which can occur with eddy current methods of 
measuring. 


First, the accuracy of measurement is determined by the accuracy of the instruments used to determine 
the magnitude of the added impedances ac bridges, various differential circuits, etc. 


Second, inasmuch as the knowledge of the current frequency is necessary in determining the specific im- 
pedance and geometric dimensions of the specimen, the accuracy of the measurements will also be determined 
by the accuracy with which the generator supplying the measuring scheme maintains its frequency, 


Third, there are errors due to deviations of the specimen from its normal position with respect to the coil 
transducer, For cylindrical specimens, this will be the effect of noncoaxiality of coil and specimen, and for 
plane specimens, the deviations from parallelism of the coil and specimen planes, 


) It is also necessary to take into account that we made a number of assumptions in the derivation of the 
formulae for the added impedances: we assumed that the solenoid and the cylindrical and prismatic specimens 
were very long; for the plane specimens, we assumed that the magnetic field was uniformly distributed in a 
surface layer of width € / 2; we did not take into account the distributed capacitance in the coils, etc, All 
this leads to a definite error in the computations, To increase the accuracy of measurement, the instruments 
based on the use of eddy currents must be graduated according to the scale of the specimens, 


SUMMARY 


There is considered the noncontact method for measuring electric resistivity of nonmagnetic materials 
and geometric dimensions of massive samples of such materials, The method is based on use of eddy currents, 
Relationships are given which connect the introduced resistance values with the parameters of the samples when 
they have the cylindrical form, or the prismatic form, or’the form of a flat surface plate, 
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SIMULATION OF CHOKE-COUPLED MAGNETIC AMPLIFIERS 


Vv. P. Glukhov and E. A. Yakubaitis 
(Riga) 


The similarity conditions of choke-coupled magnetic 
amplifiers are considered, Based on an analysis of the dif- 
ferential equations, similarity criteria are derived for amp- 
lifiers with ac windings connected in series, or in parallel. 


The possibility is demonstrated of simulating ampli- 
fiers on one model with cross made of any electrotechni- 
cal steel, Results are given of the comparison of character- 
istics obtained from the model, and experimentally, 


In the magnetic circuits of choke-coupled magnetic amplifiers there is a nonlinear and not well-defined 
relationship between induction and field strength, In connection with this, the integration of the differential 
equations describing the processes in such amplifiers is a difficult problem which becomes tractable only when 
significant assumptions are made, 


The methods of solving the differential equations of the magnetic amplifier circuits reduce to methods of 
expressing, analytically or graphically, the induction of each of the amplifier*s magnetic circuits as a function 
of its magnetic field strength. Such methods of expressing the magnetization curves, due to the assumptions 
used in making them, significantly lower the accuracy of the solutions, 


Methods of designing amplifiers which are based on physical simulation [1-3] are free of the disadvan- 
tages mentioned, 


For physical simulation, it is also necessary to work out mathematically the processes occurring in the 
system being investigated, However, the system equations can be written in a general form which {s not ap- 
plicable in an analytic solution. 

The analytical (or graphical) solution of equations is now replaced by the experimental determination, 
on a model similar to the original being investigated, of the necessary functions, 


1, A Magnetic Amplifier with Series-Connected ac Windings 


If we ignore the leakage of the amplifier windings, the switching mode of the ideal rectifier in the feed- 
back winding, the magnetic losses and the nonuniformity of induction distribution over the magnetic circuits’ 
cross section, we may then write, for the ac and control circuits of an amplifier with serles-connected ac wind- 
ings (Fig. 1). 

di dB dB 
V2E, sin = ighy + + + Gp) 108 + 


dB, 
+ ats )10", (1) 


dB 


where E, is the current value of voltage at the input to the 


ac circuit, i, is the instantaneous value of current in that 
circuit, R, is the active impedance of the ac circuit, L; is 
+ N 7 ~ the load inductance, W, is the number of turns in the ac 
winding, E,, is the magnitude of the constant voltage applied 
os NM et a ie to the input of the control circuit, {,is the instantaneous value 
+1 M47, PS of current in that circuit, R, is the total active impedance in 
Y\ 1 ‘TT the amplifiers control circuit, W,, is the number of turns in 
[Ct the control winding, S is the cross section of the magnetic 
ty circuit, Ba and Bp are the instantaneous values of induction 


avs in magnetic circuits A and B, 2nf = w is the angular fre- 


quency of the voltage at the input of the ac circuit, Wp, is 
the number of turns in the feedback winding and t is time. 
with series-connected ac windings. 


After transformation, equation (1) may be written 
in the form 


V2E, sin 2nft = + + 
a 
dB 
+ (4 — keg) 
where kp, = Wy,/W, is the feedback factor, 


In each magnetic circuit, the induction is determined by the field strength induced by the ac circuit cur- 
rent, {,, and the control circuit current, {,: 


where 1] is the average length of the magnetic circuit. 


The dependence of the induction of the field strength of the magnetic circuit, in its general form, is given 
by the formula 


B=pH, (5) 


where H is the instantaneous value of the magnetic permeability of the material making up the magnetic circuit, 
In its turn, the magnetic permeability [3] is a function of the magnetic circuit's field strength, 


Moa? 


bas 


where Hp, and Hy, are the nominal base values of magnetic permeability and field strength respectively, 


On the basis of equations (3)-(6), the expressions for the induction of the magnetic circuits can be written 
in the form 
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Fig. 2, Normal ac magnetization curve, 


Symbol Material | in gauss | in 
cm ampere | ampere cm 
Circle E330 60,000 4.92 
Cross 50NP 54,000 5.00 
Circle with cross 80NKhS 115,000 1,00 
Triangle N79M5 70,000 2.00 
Square E42 5,800 4,00 


Wi, (1 My) + Wi (1 + + 
Ba Fag! |, 
Wit + — W, i a(t F kp) — Weic 1 


Bp = Phas 


By substituting expressions (7) and (8) in equations (1a) and (2), we may write: 


+ wee) |+ 


(7) 


(8) 


(9) 


(10) 


Solution of these equations requires that function (6) be found, However, it is not necessary to integrate 
these equations in order to obtain from them the similarity conditions necessary for simulation, The similarity 
criteria obtained from the solution of the equations can not be different from the criteria obtained directly from 
the equations themselves, since the operation of solving an equation can not change the property of similar 
phenomena, Therefore, the similarity criteria may be found directly from equations (9) and (10) without find- 
ing function (6), It is only necessary that this function be the same in the model and in the original. 


(10) 


Experience shows that, for the corresponding choices of base quantities, Hp, and Hy,., the magnetization 
characteristics (the mean value of the magnetic permeability as a function of the mean field strength) for mag- 
netic circuits with differently spaced cores and realized by different ferromagnetic materials may, in relative 
units, be reduced to one curve, #* = 9(H*). Thus, for example, Fig, 2 shows the magnetization characteristics 
for magnetic conductors made of ferromagnetic materials £330, 50NP, 80NKhS and N79M5 reduced to the mag- 
netization curve of a toroidal magnetic circuit prepared of type £42 electrotechnical steel, Here are also given 
comparisons of the relative characteristics of the magnetic conductors, realized by one and the same material 
but having different core shapes (toroidal and pi-shaped) with different air gaps (6 = 0 and6 = 0,3 mm), 


As the base magnitude of magnetic permeability we take the maximum value of permeability of the given 
ferromagnet, The base value of magnetic field strength is chosen by starting from the condition that the charac - 
teristic, H* = y (H*), of the various magnetic conductors coincide at the point of relative permeability taken 


as the minimum, H* _;,- Therefore, the base value of field strength in each magnetic conductor is determined 
from the equation 


min 


where H is the field strength (in absolute units) corresponding to the value of permeability # * .;,, and H® is 
the field strength (in relative units), the choice of which is arbitrary but identical for all magnetic conductors, 


As follows from Fig, 2 (here we have taken u* = 0,06 and H® = 1), the reduction, by the method stated, 
of the magnetization characteristics of different ferromagnetic materials to one curve allows one to obtain a 
function in relative units which, by analogy with electrical machines, may be called the norma] magnetization 
characteristic, 


If losses in the magnetic circuits are ignored, what has been statedwith respect to the function # =¢ (H*) 
is expressed in the instantaneous values of (6), This allows one to have, in the original and in the model, not 
only different forms of the cores, but also different ferromagnetic materials, 


Analysis of equations (9) and (10) [3] gives the following similarity criteria for the model and the original: 


Wi Sp, 
K,; = ft, Kiy = » Fas!’ 
i.R 
hs _ ighe 
Ku = Ky = Kt, Kyui = (11) 


By carrying out some uncomplicated transformations, and by giving the instantaneous value of the control 
current, i,,, in the form of the algebraic sum of the constant component, E,/ R,, and the instantaneous value of 


Has = (7) ’ 

H 
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the variable component of the even harmonics, i,,, the similarity criteria in (11) can be written in a somewhat 


different form: 
= Ky = jt, 
iR 

Ky= Ku 
ha, 

Se Wa 

Ral 


K,= 


\_\ Ls 
W, — 


Fig. 3, Circuit of a magnetic amplifier with 
parallel-connected ac windings. 


Ky 

(12) 

WeR 

t, 

a 


Consequently, in order that the model be similar 
to the original, it is necessary that criteria Ky-K, be 
identical for the model and the original. For investiga- 
tions of transient responses, it is also necessary that the 
boundary conditions be similar, 


Thus, we have nine similaritycriteria and the 
two equations relating them (9) and (10). Therefore, 
two criteria are indeterminate (for the analysis of 
steady-state processes, these are Ky and Ky), The re- 
maining seven similarity criteria contain 14 parameters, 


Consequently, seven model parameters may be chosen 


arbitrarily, and will remain invariable in the model, 
independently of the parameters of the original, The 
remaining seven model parameters must vary in such 
fashion that, depending on the given parameters of the 
original and the selected seven parameters, the model 
will maintain all criteria invariant, Consequently, 
among these parameters must be those which — 
guarantee this invariance, 


As shown by an analysis of the criteria in (12), as the invariant model parameters may be cliosen S,/1 , Wg, 
Wo f, Hyas and Biase In this case, each defining criterion contains just one variable parameter (in the same 
order as the criteria): t, ig, Ly, Ra. kp,» Eg. E, and R,. 


Thus, for correct simulation, the model and the original must provide equal values of the following quan- 


tities, 


1, The product of frequency and time, Thus, the time scale chosen for the simulation depends on the 
ratio of frequencies in the model and original, Criterion Ky, as given in the literature [3], is called the cri- 


terion of homochronism, or homogeneity in time. 


2, The ratio of the product of frequency and inductive load to the active impedance of the ac circuit, 
3. The relationship between the design parameters, defined by criterion Ky. 


4, The feedback factor, kp). 


5. The ratio of the maximum possible field strength to the base field strength, 


6, The degree of dc excitation of the amplifier, 


1, Theratio of the active impedances in the de and ac circuits, reduced to one of these circuits, These 
ratios are usually called [4] coefficients of even harmonics suppression;the ratios inverse to these are called 
power gains [5], 


2. A Magnetic Amplifier with Parallel-Connected ac Windings 


For a magnetic amplifier in which the ac windings are connected in parallel (Fig. 3), we may write, 
analogously to equations (1) and (2), . 


V 2E sin 2nft = ighy, + In ig, Ro-+ Wa (13) 
x [a + kp) — | 10°, 

V 2E asin Qnft = + 52+ + WaS x as 
x + (1 — FP] 10°, 

Eg = igRhe+ WeS (S4— 32) 10°*, po 


where Ry is the active impedance of the amplifier’s ac winding, R; is the active impedance of the load and the 
feedback winding. 


It follows from equations (13) and (14) that 


di dB 
V 2Egsin = igRg+ (1 + 


(16) 
4 (1 —2kq) 10°, 
where 
la, + lap» (17) 
Su= Ra=R, + (18) 
The field strengths of the magnetic circuits are defined by the expressions 

Waia, —Woigt (ia, —éa,) (19) 

= l ’ 
H Wd a,—WelcF Wola, + ig,) (20) 


By using equations (5) and (6), we may write the expressions for the magnetic induction of the magnetic 
circuits in the following form: 


(4 + Waia,t kfpW, a x 
BA = 


. 
q 
| 
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(1 F kp.) Wain, Fk —W,i 
Bp = thas ai ap 


heyy W F aia, — Web 
: 
The expressions just obtained may be written in a somewhat different form 


W aig (9 + Wei W.i +W, 
Ba petites | aig (9+ 4) 


(21) 
W,i —W.i W ai kty) — W, 
(22) 
where 
ia, 
(23) 


From a comparison of the differential equations of the magnetic amplifier circuits with series, and parallel, 


connections of the ac windings, it follows that equations (15) and (16) are analogous to equations (2) and (1a). 


The difference consists only in this, that with parallel connections, the cross section of the magnetic circuit and 


the active impedance of the ac winding both decrease, but the 
feedback factor is doubled, The expressions for the inductance 


Ky of the magnetic circuits (7), (8) and (21), (22) differ by the pres- 


ag ence in the latter of the factor q. Consequently, for similarity 
of the model and the original when the ac windings are con- 
‘ nected in parallel, it is necessary that, in addition to condition 
y4 (16), there be maintained the ratio of the current scales 
as ™a 
4A =1. 
mig 
a WA The current in one of the magnetic circuits of the ampli- 
fier with parallel-connected ac windings is a function of time, 
lag = f(t). 
Fig. 4. Magnetic amplifier charac- Since magnetic circuit B inno way differs from magnetic 
teristics and the experimental points circuit A, but a periodic emf, E,, is impressed on the input of 
obtained from the model, the ac loop (Fig. 3), there will be the steady-state real function 


for the current igg = (t+). In this case, the total cur- 
rent in the ac circuit, in accordance with (17) will be i, = 
=f(t)-f(t+), 


Thus, as the scale of current ig, changes, there is a corresponding change in the scales of current iap and 
the total current, {,. 


Consequently, relationship (24) holds for any parameters of the magnetic amplifier circuits, and the cri- 
teria in (11) determine the similarity conditions both for series and parallel] connections of the ac windings. 


The accuracy of the magnetic amplifier simulation is illustrated in Fig. 4, Here, in terms of the criteria, 
are shown the characteristics of a magnetic amplifier with toroidal cores of N79M5 Permalloy, The points on 
this figure give the same function, determined from the model, an amplifier with cores of E42 electrotechnical 
steel, Figure 4 shows that that simulation allows the characteristics of the original to be reproduced with suf- 
ficiently high accuracy on the model, 

SUMMARY 


1, In simulating a choke-coupled amplifier circuit, the simulation must extend both to the magnetic 
amplifier itself and to the measuring device and load on which the amplifier operates. 


2, With the assumptions made in this paper, one and the same model with invariant parameters S, 2, W,, 
Wo» Has 20d pas, With a constant frequency, f, can model an original with arbitrary parameters for a variable 
frequency in the static modes of operation, 


3. Similarity of choke-coupled magnetic amplifier circuits is determined by the nine criteria of (12), 
4, With no feedback present, it is possible to simulate, on one and the same model, both parallel and 
series connections of the ac windings in the amplifier. 
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THE EFFECT OF NOISE ON SYNCHRONOUS FILTER-GENERATOR 
OPERATION 


A. Luchuk 
(Kiev) 


An analysis is made of the operation of a synchronous 
filter generator with sinusoidal noise at its input, and the re- 
sults are given of an experimental investigation of the noise 
stability of telecontrol devices with synchronous filter gen- 
erators, A qualitative and quantitative estimate of the effect 
of noise on synchronous filter operation is given, permitting 
correct calculation of its parameters. 


In work [1] there isgiven a description of, and the theory of operation for, a selective filter for remote 
control frequency devices with narrow pass bands, called by the author a “synchronous filter generator® (SFG). 
In the operation of such a filter there will unavoidably be, at its input, in addition to the signal voltage, of 
frequency f,, coinciding with the filter-generator frequency, fg, an interfering signal (noise), Up, of frequency 
fn, different from frequency fy or a multiple of it. 


We give below an analysis of SFG operation with sinusoidal noise at its input. In the simplest case, such 
noise is a signal whose frequency differs from the filter-generator frequency when several signals are sent simul- 
taneously, In addition, the results are given of the experimental investigation of noise stability of a telecontrol 
device with synchronous filters acted upon by random noise. 


1. Analysis of the Effect of Sinusoidal Noise on SFG Operation 


For calculations of the circuit for discriminating the synchronous filter signals (Fig. 1 in [1]), it is conven - 


fent to use the equivalent circuit, shown in Fig, 1. Ordinarily, the circuit parameters are such that no essential 
error is introduced into the calculations by idealizing the diode characteristics and by ignoring the internal im- 
pedances of the generator and the signal source, 


At the circuit's input let there be, in addition to the signal voltage, a noise voltage of frequency fp, dif- 
ferent from the generator frequency fy: 


Uy = V2U, sin 
In this case, the instantaneous values of the voltages on loops I and II of the circuit will have the forms: 


= V 20, (nsin 7) + sin (og + 7)] + V2Uqsin 
ug = V 2U, [nsin (wgt + 9 + 7) — sin (wgt + 7)] — V 20h sin wgt. 


Here, n = Ug/Us, Wg and w, are the angular frequencies of generator and noise signals respectively, 


@ is the initial phase shift of the voltages Us and Us and y is the initial phase shift of the voltages U, and U,. 
We introduce the notation 


K, = + 2ncos6, K,=-V1+n?— 2ncos0, 
m= U,/U, =m, (id = On — Wg = Wy, 


in6 


Then, after transformation, we obtain the following expressions for uy, and us: 


u,=V2 U, sin (og? +Bi), V2, sin (mgt +'Ba), 


where 


U,=U0V m 1+ — (wat 


1 


U,=U,} + + 008 (wat — |" 
2 


K, sin + msin Kz sin + msin 


On the impedances of the circuit, Ry and Rg, will be discriminated the rectified components, multiples of 


wqandW,, The filter’s output relay reacts to the difference of the constant rectified components, Up, and Ug. 
Let us determine these components, 


For any values of K and m, the condition 2Km/(K? + m) < 1 holds (ordinarily, K> 2), Therefore, an 
expression of the expression — 


|! + C08 (w,t and + cos — 


by Newton's binomial formula gives a convergent series from which we obtain the formulae for Usy and Ugg: 


_ Km \* 15/_Kim 


From these last expressions we determine the voltage at the filter output: Up = Ugy — Ugg. 


Figure 2 gives the curves of the filter output voltage in relative units, Up/Us, as a function of m for 
various values of n and for 9 = 0, constructed from the equations just obtained, It follows from these curves 
that, for a given value of signal voltage, the appearance of noise at the filter input leads to a decrease in the 
voltage at its output, However, with increasing n, the lowering of the output voltage with noise at the filter 


Bi = are tg Ki cos + m cos cos + m cos wat 
| 
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input decreases, and even for n equal to 4 or 5, this lowering can 
be ignored in practice. Such a value of n should also be chesen 
for reliable filter operation in remote control devices, 


The results obtained do not give a convenient method for 
determining the voltage at the circuit's output when the input is 
acted upon by a signal whose frequency is a multiple of the fre- 
quency of the local generator. Below, we give an analysis of cir- 
cuit operation for this case, 


Let the signal frequency be an even multiple of the genera- 
tor frequency: f, = 2ifg, where { is an arbitrary integer. 


For n> 1 and ® = 0, for the constant rectified components 


= on impedances Ry and we find 
a7 Ua = + sin dt = 
y2 
Um = aU — sin 2iwpt)dt = — 
a For the constant component of the output voltage we get 
a 
Fig, 2 


Thus, the synchronous filter does not react to signal frequencies which are even multiples of the generator 
frequency, The analogous conclusion is easily obtained for the case when the filter input is composed of even 
subharmonics, 


In a similar way we determine the effect on SFG operation of odd signal harmonics, As in the previous 
case, we have, for large n and © = 0, 


T 
Uy = ( + sin (2i — 1) dt, 
0 


Um \ [n sin — sin (2i — 1) wg) dt, 
which gives 


Consequently, with odd signal harmonics at its input, the synchronous filter has an output voltage whose 
magnitude is inversely proportional to the multiplicity of the noise frequency, For i = 1(f, = f,), the expression 
obtained coincides with the expression given in [1] for the maximum value of filter output oltage when its in- 
put signal coincides in frequency with the voltage of the local generator. 


The conclusions obtained should be kept in mind in selecting the frequency range for a remote control 
device with synchronous filter generators. The effect of the third signal harmonic is the strongest, so it is 


940 


Fig. 3 


advantageous to consider in more detail its influence on the filter's operation. The curves of the instantaneous 
values of the voltages in loops I and II of the circuit, in this case with small n, are shown in Fig, 3a, 


For the constant rectified components we have 
T, 
Uy = 0, (in sin + sin Supt) dt, 
0 


Ti TA+t 
Um = "PU, (n sinagt — sin 3agt) de + \ 2 (n sin «gt — sin 3ugt) de] . 
ty /2 


The limit of integration, \, is found from the condition 


nsin — sin = 0, 


which gives 


sin @gt,; = 


From this last equality it follows that the expressions given above for Uy and Ugg are valid for n = 3, For 
n> 3, the expressions for Ugy and Ug, corresponding to the general case of odd signal harmonics remain in force, 


For the given case, the constant component of the voltage at the filter output is defined by the expression 


U, =U, —Uy = [n— 1)%| 
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Analysis of this equation shows that, with a decrease of n from 3 to 1, the effect of the third harmonic on 
filter operation decreases, 


We can find, in an analogous way, the voltage at the filter output when its input contains the third sub- 
harmonic of the signal, From the curves, shown in Fig, 3b, for the instantaneous values of the voltages in loops 
I and II in this case, we obtain . 


3/4T 


Un = [2 \n sin + sin w,t) dt + 2 \ (nsin + sin dt | 
T/2+ts 

Uy = U, [2 — sin dt + 2 \ (nsin — sin west) dt}. 
TR+t 


The value of t is defined by the conditions 


nsin 3o,/, + sin w,t, = Oandsin st, = AE: 


Analogously, 


nsin — sin ws, = Oandsinsogts = 


The functions Up/Uy max = f (n), constructed from the above equations for action on the synchronous filter 
of the third harmonic and subharmonic signals, are given on Fig. 4. Here, Uy max is the voltage at the filter 
output in the absence of noise. 


From the functions given it follows that the signal subharmonics 
have no essential effect on filter operation and, in practice, need not 
be taken into account, 


Similar calculations may also be carried out for the case when 
higher harmonics and subharmonics act on the filter, However, as 
follows from the expression for the general case of odd harmonic 
w action, their effect on filter operation is insignificant, Therefore, 

nic such calculations have no practical value, the more so as there is 
a 7 always the possibility, in actual remote control systems, using 
Fig, 4 simple frequency correction devices which allow the amplitude of 
the signal harmonics and subharmonics to be lowered to the degree 
desired, 


2. Experimental Noise Stability Determination for a Remote Control Device with 
SFG 


With frequency methods of coding, noise can not essentially vary the signal form, but can give false signals, 
From the point of view of reliability of remote control device operation, the most dangerous is the false opera- 
tion of a filter relay due to noise, 


For the purpose of verifying the reliability of opera- 
tion of a remote-control frequency device with synchron- 
ous filter generators, an experimental investigation was 
made of the device's noise stability when random noise 
appeared at its input. 


For this, from a noise source there was introduced 
at the input of the half-complete remote-control device 
a noise voltage which, after preliminary amplification 
by the device's amplifier, was fed to six SFG in parallel. 
The spectral composition of the noise had a random 
character, As a noise source we used a program, special- 
ly written for this purpose, on a magnetic sound recorder: 
speech, music and atmospheric noise, approximating 
white noise in its spectral characteristics, The frequency 
characteristics of the recorder were uniform in the fre- 
quency range of 300 to 3000 cycles, The device's am- 

o plifier provided distortion-free amplification for a four- 
: fold to five-fold excess of the noise over the operation 


threshold of the filter relays, 


The noise stability of the remote control device 
was determined by the number of operations ,o, of the 
filter*s output relays by the noise, 


; The following relationships were determined: 


ae ? a filter's output relay on the voltage level of the noise, 
= Upp, where Uopis the effective value of signal 
i voltage at the device*s input necessary to operate the 
a. See a filter relay when the signal frequency coincides exactly 
Fig. 6 with the frequency of the local generator. 


With a signal voltage of U, = 2Uop,the operation 
band of the filter relay comprised, in this case,1-6 of 
the frequency of the local generator, Figure 5 shows the 
dependencies obtained for various values of the filter's 
time constant, T = RCr (Fig. 1), 


\\ 9 1, The dependence of the number of operations of 

402 


2, The number of operations of an output relay as ; 
/ a function of tT for the same relay operation band (Fig. 6). 


3, The function o = F (Af), where 4f is the filter's 
! relay operation band for a signal voltage twice the voltage 
204f% for filter relay operation (Fig, 7). 


Fig. 7 In determining the functions listed, one and the 
same program was applied to the device's input for dif- 
ferent values of U, Upp,T and Sf, The length of one 
cycle was 32 minutes, 


It follows, from the dependencies obtained, that for a given noise level, the noise stability of a remote 
control device with synchronous filter generators can be significantly increased by increasing the time constant 
T and by lowering the filters' pass band down to a minimum value determined by stability considerations for 
the generator's frequency, 


The distribution of the number of operations over the individual filters was determined by the spectral 
content of the noise, For the given program, the number of operations of the individual filter relays, as 


| 
200 | 
100 | 
am 
wl 
ls, 
-V 


percentages of the total number of operations, depended in the following manner on the frequency for their dis- 
tribution: 


Frequency in cycle 820 1280 | 1420] 1600 | 1970 | 2760 


Number of operations,| 28.5 | 29.8] 17.5 12.4] 8.6 | 3,2 
%e 


In remote control devices, the control operations are ordinarily implemented by sending several frequen- 
cies, which requires the simultaneous operation of the relays of several filters, In this case, the noise stability 
of the device was determined by the number of simultaneous operations due to noise of the relays of several 
filters, 


It was established that, of 2810 cases of relay operation by noise, only seven cases occurred of simultaneous 
operation of two relays. 


Simultaneous operation of three relays did not occur, It should be mentioned that all cases of two-relay 
operation were observed only for small T (less than 0,031 seconds) and for U,/Ugp = 6. For Up/Uyp < 5, no 
cases of double operation were observed, even for T = 0.008 seconds, 


Consequently, even for T = 0,031 seconds, noise stability of the remote control device was so high that 
normal operation of the device was not disturbed, 


We may thus draw the conclusion that noise stability of frequency systems of remote control is increased 
by limiting the noise level, by increasing the lag of the filters’ relays and by narrowing the filters’ pass bands, 
This is in agreement with the statements of general communication theory, 


In conclusion, the author wishes to express his thanks to V. L. Inosov for his helpful advice in the execu- 
tion of the present work, 


SUMMARY 


Operation of a synchronous filter-generator with an input sinusoidal noise in analyzed, Results of the 
experimental treatment of noise stability of the telecontrol device with synchronous filter generators are de- 
scribed, Qualitative and quantitative estimating of noise influence on the synchronous filter operation is sug- 
gested that permits to correctly calculate the filter parameters, 
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CODE RINGS AS A METHOD OF REPRESENTING CODE SETS 


A. N. Radchenko 
(Leningrad) 


A method is considered for the shortening of the writ- 
ing of sets of code combinations by excluding from the con- 
stituents of various codes the repeated combinations of terms 
of less than the full (maximum) length, An analysis is made 
of the conditions for the existence of such shortened forms of 
representing code sets, called code rings, and the existence 
of various types of code rings is proved, The shortened form 
of writing code combinations may be used for decreasing the 
number of circuit elements or for increasing the capacity of 
a given number of elements, 


A code set may be presented either in the form of a table or in the shorter form of a code ring [1]. For 
example, the closed sequence 01110001 contains all the possible three-place binary code combinations: 011, 
111, 110, 100, 000, 001, 010, 101, each combination being represented once and only once, The number of 
elements necessary to write the code set by this method is sharply decreased, Thus, to write all the five-place 
binary codes in the form of a table requires 160 letters while only 32 letters are needed for the code-ring re- 
presentation, This permits a five-fold decrease in the number of physical elements in the corresponding por- 
tions of the coding device with the same capacity being retained, If changing of the coding device is not nec- 
essary then, by representing combinations by code rings, one can increase the capacity proportionately, 


The code ring representation may be used for any other code set, formed from a different number of sym- 
bols, k, or containing codes with other numbers of terms, n. In all cases, the shortening obtained equals the 
number of terms in the code, Thus, if a four-place code is used, the number of elements necessary to write the 
entire set is shortened by a factor of 4, if a ten-place code is used, a ten-fold decrease is obtained, etc, It fol- 
lows from this that the number of elements in a code ring always equals the number of codes to be represented, 
i.e,, only one element is used for representing any of these combinations in a ring, independently of whether the 
code uses a small or a large number of places, As a result, the greater the number of terms in the code to be 
used, the more advantageous is the ring representation of the code set, 


Below, we shall consider the conditions for the existence of code rings for sets of number-positional codes 
for any k orn, First, however, we shall define a number of concepts, 


A collection of codes, formed in accordance with a stipulated rule, is a finite set for bounded k and n, 
which we agree to call a code set, In the case of a number-positional code, the full set contains m = k" codes; 
a code set formed by a quality-shift rule (i.e,, no two adjacent elements can be identical) consists of m= k(k-1)""* 
codes; a set formed by taking k symbols (k-1) at a time consists of m = ,Cy.3 = ki codes, etc, 


We agree to give the name “code ring” to a closed sequence of symbols so constructed that the number of 
elements in it equals the number of nonrepeating n-term combinations which are formed by the segments of the 
given sequence (including also the overlapping segments formed in closing the sequence), 


4 

4 


To elucidate the conditions of existence of code rings, 


B 
My a r 4, we use the property of codes which, in correspondence with 
algebraic terminology, we define as “intersection.* Two 
Reed K codes are called intersecting if the combination of n-1 ele- 
b» —= ments at the end of one code is identical to the combina- 
Prana ‘ tion of n-1 elements at the beginning of the other code, for 
c— — example, the codes ababb and babbb intersect in the com- 
fae bination babb, 
d * ion If the combinations of the set are laid out in a se- 
------+---- quence of their intersections, then the case is possible when 
the extreme code combinations aiso intersect, If we thus 


a order the code arrangements, we can obtain a ring. In 
Fig. 1, For the proof of the impossibility of pend with the definition of code ring already 
decomposing a complete number- positional 
santas given, we shall call a closed sequence of symbols, estab- | 
6 parts. lished from the ordered sequence of code combinations, a | 
code ring if the intersecting portions of each pair of adja- 
cent codes enter into the sequence once and only once, From this comes the first necessary condition: for the 
existence of a ring representing the combinations of a given code set, it is necessary that, in the gfven code set, 
the right and left (n-1)-place combinations enter the same number of times, 


It is easy to show that this condition holds identically for a complete set of number-positional codes, To 
show this, we present one such code in the following form 


places 
| | 


| 


where a, = a,b,c,...,k (s = 1,....m). 


By writing the individual incomplete combinations, corresponding to the right and left parts of the in- 
dividual codes: 


= {d2, ++ +9 On—4, An}, 


we convince ourselves of their identity, which is determined both by the identity of the number of terms and by 
the generality of the law of the independent combinations of k values of each of the terms (places). This fol- 
lows identically from the fact that each fixed group of n-1 elements occw s on the right k times, inasmuch as 
to obtain all possible codes with the given group on the right one can write at its left only k different symbols, 
Since, in accordance with the rule for constructing a complete code set, it is indifferent whether a lacking term 
is written on the right or on the left, an equal number of codes (i.e., k) will have the given fixed group on the 
left, Thus, in a complete number-positional code set, it is possible to form k code pairs which intersect in a 
fixed group of elements, where any of the intersecting codes must enter into only one pair, if it is understood 
that a self-intersecting code* forms an independent pair, 


The fact that there exists for each code another code which intersects it is not sufficient for the construction 
of a ring, since it is always possible to assume that a given set is decomposed into independent portions between 
which there are no intersections, Then, the given code set can not be represented by one ring, but only by a 
syste of rings, From this derives the second necessary condition: for there to exist one ring representing all the 


n—1 pl 
* By a self-intersecting code is meant a code of the type “aes j+ the right incomplete portion of which 
1 places 


is identical with the left portion, 


t 
t 


: 

1 
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code combinations of a given code set, it is necessary that it be impossible so to decompose the given set into 
two parts that one of the parts would not have at least one code which intersects a code contained in the other 
part. 


We now prove that a complete code set of number-positional codes is impossible to decompose into two 
parts in such fashion that one of the parts would not contain at least one code which intersects a code in the 
other part. 


To show this, we assume the converse, i.e,, that the decomposition mentioned can be carried out, so that 
we obtain two code groups, A and B, between which there are no intersecting codes, We select from group A 
any of its codes, and denote by r its (n-1)-place left-most combination, and by a, the last term (Fig, 1a), Then 
in accordance with the assumption made, group A must contain all codes whose right and left (n-1)-place com- 
binations are identical with combination r, This follows from the fact that the combination r cannot be found 
in group B either on the left or on the right, since otherwise these codes would intersect either with the initially 
considered code of group A or with those of the group A codes which intersect with the original one, If all the 
codes in which the left or right (n-1)-place combination is identical to r are in group A, then among these 
codes must be found such a code whose left combination is r and whose remaining term is k (Fig. 1b). 


If, on Fig, 1b, we isolate the (n-1) elements at the right of the code and designate them by (r-1)k, we 
are led, analogously to the reasoning of the last paragraph, to the conclusion that in group A there must be 
found all the codes in which the (n-1)-place combinations are identical with (r-1)k, Among these must be the 
one in which the combination (r-1)k is on the left and whose right extreme is k (Fig. 1c), Thus, in group A 
there must be a code terminating with the two terms kk, Analogously, we arrive at the conclusion that the . 
rightmost (n-1)-place combination must occur at the left of codes in group A. This, in its turn, determines the 4 
existence in group A of a code which terminates in three k's, etc, By continuing this reasoning we come un- | 
avoidably to the conclusion that group A contains a code consisting entirely of k‘s (Fig. le). 


An analogous line of reasoning can be followed, starting with any code, including any code from group B. 
Thus will be proved the existence in group B of a code consisting exclusively of k's, The identical resulting 
codes, obtained from groups A and B, intersect each other, which contradicts both the initial assumption and the 
condition of nonrepetition of codes within a given set, Consequently, it is impossible to decompose the complete 
set of number-positional codes into two parts such that one of them does not contain at least one code which in- 
tersects a code lying in the other part, 


The proof of the existence of code rings leads to the verification of the presence of the first and second 
conditions in the code set, Such an analysis was carried out above for the complete set of number-positional 
codes, By the same analytical path, one may show that other complete code sets can also be represented in the 
form of code rings, In particular, code rings can always be constructed for quality-shift codes, and for codes 
formed from the set of combinations (in the sense of “permutationsand combinations®), The same can be said 
of permutations if, from the corresponding combinations, the last, completely redundant term is removed, In 
[1] were given examples of quality-shift and number-positional code rings, and also an example of a ring re- 7 
presentation of the complete set of combinations, : 


Such rings, where all possible code combinations are represented just once within the cycle limits, we 

agree to call type A code rings, Type A code rings for number-positional codes may always be formed, However, : 
the possibility is not excluded of forming code rings which only include parts of the codes, Cases do arise in ’ 
which a complete code set can be decomposed into parts, each of which can be represented by an independent | 
code ring, As in the general case, each code which enters into a given portion occurs in such (partial) code rings 

only once, The total number of elements necessary to represent a code set in the form of a system of partial 

code rings is the same as with the use of a type A code ring, Analogously, the number of elements in the system ; 
of partial code rings equals the number of codes and does not depend on the number of terms (places) in the code, ' 


In correspondence with the second condition, there must be contained, in any partial code ring of a num- 
ber-positional code, at least one code which intersects with a code of another partial code ring. By the use of ; 
this property, the partial code rings can be fused into one type A code ring, An effective method of constructing 
type A code rings is developed on this basis, A type A code ring possesses a number of specific properties, For 
example, by counting off the ring elements in reverse order, we obtain a new code ring of the same type, which 
differs from the given on e in the order in which its constituent combinations follow one another, This property 
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{s easily proven by reading any complete code table from right to left, 
It may be established by this that all combinations of the given code 
set are also duplicated in such a description, Consequently, wiien the 
direction of reading is reversed in a ring, all codes of the given code 
group must again be observed, and only once each, 


The second property consists of the fact that transposition of any 
two symbols of a code ring also transforms it into a ring of the same type, 
differing only in the order in which the codes in the code ring follow one 
another, This property may be proven if the transposition of the two sym- 
bols is carried out for all the codes which contain them, With this, none 


Fig, 2. A grouped code ring of the codes disappears from the table, This latter is explained by the 
of a quality shift code, k= 3, circumstance that in any complete group of codes it js possible to iso- 
n= 4, m = k(k-1)9~! = 24, 1) late pairs of codes in such wise that, upon transposition, each code in 
abab, 2) abac, 3) abca, 4) abcb, a pair goes over to its conjugate. 
pe By a repeated application of the second property, one can also 
acbc, 9) baba, 10) babc, 11) 

observe the third property: any permutation of the symbols in a code 
baca, 12) bacb, 13) beab, 14) 

ring does not change the type of ring, but changes only the arrangement 
beac, 15) bcba, 16) bebe, 17) f the 
caba, 18) 19) caca, 20) 
cacb, 21) cbab, 22) cbac, 23) By using the properties just enumerated, one can, by means of the 
cbea, 24) cbcb, corresponding operations, transform an initial code ring to a form most 


useful for practical applications, 


It follows, from the properties considered, that one and the same code set can be represented by several 
different type A code rings, On the basis of the topological method developed by der Bruyn [2], it is possible 
to compute the number of different code rings: 
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The fact that a type A code ring can assume several values {s indicative of the presence in it of non- 
realized connections, Therefore, by giving up the multivaluedness, one can probably shorten the ring sequence 
necessary to express the same code set, 


As a means of expressing a code ring by a fewer number of elements, we us the reciprocal substitution 
property, With this, we require that the following condition hold: the substitution must so change the code ring 
that the new ring contains none of the codes which entered into the original ring. Thus, a ring of this new type 
will contain only a portion of the codes, The remaining portion of the codes will enter into a code ring ob- 
tained by transforming the original ring. It is clear that, to execute this task, it is necessary to use those sub- 
stitutions which would affect all the symbols forming the code ring, In particular, it is convenient for this 
purpose touse cyclical substitutions, 


Thus, the problem reduces to the finding of such a partial code ring that, from it, by a strict rule, one 
may get to other partial code rings, whereby the set of these code rings must represent the complete code set, 


As applied to number-positional codes, we prove the following: any code set of number-positional codes 
can be presented in the form of a grouped ring, in which each group is formed by cyclic substitutions (per- 
mutation) of its elements, 


For the proof, we denote the operator of cyclic substitution by 


a= (ted. 


where a,b,c,.,.,k are the symbols forming the code combinations, 
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Fig. 3, Type B code rings for number-positional codes, In a, k = 2, 
n = 6, k" = 64, m = 32, Inb, k= 3, n= 4, k" = 81, m = 27, 


Fig, 4. Type B code ring for a quality-shift code, k = 3, 
n= k, k(k-1)2~! = 48, m = 16, 


Fig. 5. Type B code ring for combinations of four sym- 
bols taken three at a time, k=4,ay74 = ki = 24, m=6, 


The ring obtained by a cyclical substitution of the initial ring will differ from it in that, instead of the 
first symbol, the second symbol occurs, instead of the second, the third, etc, The first symbol occurs instead 
of the last, It is clear that, by means of cylical substitutions, we can obtain only k-1 new combinations which 
are not identical with the original ones, Use of the operator a greater number of times leads to the repetition 
of the previously obtained ring combinations, 


We now decompose all the codes into groups, each group consisting only of those codes which be obtained, 
one from another, by a cyclic substitution of the symbols, With this, we shall choose for each successive group 
only such codes as have not already appeared in earlier groups, If we denote the initial codes of the various 
groups by A, B, C,,,.,L, we can express all the remaining codes in the form of products of the initial codes by 
the corresponding operators: 


A B L 
aA aB aL 
aC... @L 


We note that, with this, A = aka, aA = ak + y* etc, Since only k nonrepeated codes can be found in 
each group, the number of groups will equal k"/k = k® ~ ?, 
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It is easy to prove the possibility of such a decomposition by assuming that the contrary is true. The 
impossibility of the decomposition must be expressed by the occurrence of one and the same code in different 


groups, for example 


aA = 
By multiplying both sides by «*~* we obtain 


ak—s+r A= B, 


which contradicts the assumption of decomposability into groups. Thus, the decomposition into groups is pos- 
sible. 


We now consider the properties of the decomposition obtained, 


1, If at least one code of a given group intersects a code of another group, then all the codes 
of this latter group intersect with the codes of the given group. 


Indeed, when transformed by a cyclic substitution, the intersecting portion of the code will be identical 
with the corresponding combinations of the other group, since the substitutions are made in the latter in accord- 
ance with the same rule, 


We agree to call such code groups intersecting. 


Property 2, Inside a group there cannot be more than one pair of codes which intersect in a given com- 
bination of symbols, 


Each symbol in a given vertical column (if all the codes of one group are written in columns) can appear 
only once, in correspondence with the law of formation of the group, Consequently, a given combination of 
elements cannot appear more than once on the left, in particular, a combination identically equal to a given 
combination of right elements, 


We now prove that any code in a group has an external intersection, In fact, to a given code there cor- 
respond k codes which intersect it (Cf. the analysis of the complete number -positional set as to the presence of 
intersections), of which, according to property 2, only one can lie inside the group. Consequently, the number 
of external intersections can be decreased only to the quantity k-1. For this latter, the inequality k-1 = 1 is 
always valid, since k = 2, This means that for any code and, consequently, in accordance with property 1, for 
any group of codes, there exists an external intersection, The latter is a necessary condition for the formation 
of a ring from groups. 


The other necessary condition for forming a continuous series of groups is, as before, the impossibility of 
decomposing it into independent parts. Both these conditions always hold for number-positional codes, so that 
it may be asserted that this set can always be presented in the form of a grouped code ring. This ring will con- 
sist of k chains (layers), Under definite conditions, these code chains can be separated, as a result of which the 
grouped ring will be given in the form of k different partial rings, Each of these rings may be obtained from 
any of the others by a cyclic substitution of symbols. Therefore, to represent a complete code set, it suffices 
to reproduce any such partial ring and to provide the technical capability of carrying out cyclical substitutions, 
The condition for separability of code chains is that they be so constructed that their intersections are not real- 
ized, In the overwhelming majority of case, separable construction of chains is completely possible. This 
consequency, of practical value, may be formulated as follows. 


By the use of cyclical substitutions, a complete code set may be presented in the form of a partial code 
ring, the number of whose elements is decreased by a factor of kn in comparison with the number of elements 
necessary to present the same code set in the form of unconnected combinations, 


We shall give the designationof atype B code ring to a ring k times smaller than a type B code ring and 
with the property of reproducing, by means of cyclical substitutions, all possible codes of the given code set, 


Figure 2 gives an example of a grouped code ring for a four-place quality-shift code, The cross-hatched 
circles denote quality a, the slashed circles quality b, and the empty circles, quality c, The number of symbols 
(qualities) from which the codes are formed equal three, Consequently, each group will contain three co¢es. As 
a result, the grouped code ring will have three layers, The grouped code ring is easily divided into three, Any 
of the partial rings is a type B code ring. Any of these ring gives all the other code rings upon multiplication 
by the cyclical substitution operator. 


Figures 3, 4, and 5 give type B code ring representations of code sets formed in accordance with various 
laws. Figure 3a, gives a ring for the number-positional code set of six-place binary numbers, while Fig, 3b, 
gives one for four-place ternary numbers, In the first case the number of elements necessary is reduced from 
384 to 32, in the second case from 324 to 27, Figure 4 shows a type B code ring for a five-place quality-shift 
code (k = 3), The number of elements in it is 16, while 240 elements would be needed for the unconnected 
combinations, And, finally, the use of type B code rings for representing the set of four elements taken three at 
a time (Fig, 5) gives a decrease from 72 elements to six, 


In this paper we did not consider the techniques of transforming code rings. We note only that, from the 
practical point of view, the simplest transformations may turn out to be the most useful, In this sense, atten- 
tion should be given to code rings, analogous to that given in Fig, 3a, where the cyclical substitution becomes 
a simple transposition of symbols, 


SUMMARY 


Code sets can be presented in the form of code rings, The existence of the latter is proven by the holding 
of two conditions, These conditions always hold for number-positional and quality-shift codes, and also for 
codes formed by combinations, It was established that one and the same code set can be represented by various 
types of code rings. Type A code rings contain all the codes of the set in explicit form. Type B code rings 
contain in explicit form only a part of the codes; the remaining codes may be obtained by multiplying the ini- 
tial ring by the cyclical substitution operator. 


The ring method of representing code sets allows a significant reduction in the number of elements with 
which ithe given set is ordinarily represented, Thanks to this, it is possible to increase capacity proportionally, 
or increase the accuracy of some coding devices, 


The effectiveness of the method is increased by the use of multi-place codes, For smaller code sets, the 
effect obtained is correspondingly less significant. 
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ON INCREASING THE PRESSURE OF THE WORKING AGENT 
IN JET AMPLIFIERS 


B. D. Kosharskii 
(Khar*kov) 


For a long time, both in the Soviet Union and beyond its borders, hydraulic jet regulators were used op- 
erated with pressures of the working agent (transformer oil) not higher than 6 to 8 kilogram/cm*, Due to the 
low value of delivery potential, the radius of action of these regulators was very limited, both horizontally and, 
particularly, vertically, 


The theoretical and experimental analysis of the operation of jet amplifiers, given in [1], made it pos- 
sible to take the first steps in the direction of broadening the region of applicability of jet regulators. Today, 
industry produces two-stage jet-valve amplifiers in which the pressure of working agent in the first (jet) stage 
of the amplifier, pjs = 5 to 8 kilograms/ cm’, is increased to a pressure of py = 12 to 15 kilograms/cm? in the 
second (valve) stage, With this, it has been experimentally established that, if necessary, the working agent's 
pressure in the second stage can be increased to 25 kilograms/cm? with existing amplifiers, The technical solu- 
tion adopted allowed the radii of action of these regulators to be increased to 150 to 200 meters horizontally, 
and to 35 to 40 meters vertically, making them more competitive with other types of regulating devices, 


However, certain factors inhibit further increases in the delivery potential of the working agent. 


In the existing designs of jet pipes, with pressures of the working agent of p;, = 6 to 8 kilograms/cm?, the 
value of the Reynold's number for the flow moving in the rectilinear parts of the pipe reaches Re = 2100 to 2200. 
If the pressure pj, is increased to 9 to 12 kilograms/cm*, the Reynolds number enters the critical zone, with 
Re, = 2320 to 2700, This leads inevitably to an increase in the pulsation flow, which can lead to undamped 
oscillations of the jet pipe, which has actually been observed, 


Tests of two-stage amplifiers with pressures of py, = 12 to 15 kilograms/cm* and Pjs = 5 kilograms/cm* 
showed that the valve begins to follow the jet pipe if its nozzle tip is displaced 5, = 0,017 to 0,20 mm, which 
corresponds to a pressure drop at the leading plunger of the valve device of Spy, * 0.035 kilograms/cm* and 
an adjustment force of py, * 0.30 kilograms, 


With pressure increased to p,, = 25 kilograms/cm* in the second stage of Pj, = 8 kilograms/cm* in the 
first stage, there is a corresponding increase in the force necessary to move the valve device up to py, © 0,50 
kilograms, in connection with some increase in the unbalanced pressure in the radial gaps between the value 
and the frame of the amplifier. 


Up to now it has been assumed that the pressure of the working agent applied to the jet pipe cannot be 
raised above pj, = 8 kilograms/cm’; this also provided an upper limit in practice to the pressure in the ampli- 
fier’s second stage, py, = 25 kilograms/cm?, 


The computed values of the parameters characterizing the operation of an amplifier with a vertical jet 
pipe (produced in the "Teplo avtomat” factory) are shown, for various pressures at the input, in the nomogram 
(Fig. 1). It follows from the curves given that, for pressures at the first stage's input of pj, = 15 kilograms/ cm’, 

the autooscillations of the jet pipe must be sharply decreased, Experiments confirmed the correctness of this 
conclusion, and showed that, for pj, = 15 to 25 kilograms/cm?*, the autooscillations of the jet pipe were practi- 
cally completely absent.* 


* With a carefully executed conical nozzle. 
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Fig. 1. Parameters of the vertical jet pipe of factory “Teploavtomata", Pjs 1s the 
pressure before the jet pipe, in kilograms/cm*, Reg, is the Reynold's number in the 
jet pipe's conical nozzle, Re,; is the Reynold’s number in the rectilinear portion of 
the jet pipe, ZUO is the zone of undamped oscillation, Q, is the oil discharge 
through the jet pipe, in cm*/second, Apj is the pressure loss in the jet pipe, in 
kilograms /cm®*, Ry is the insensitivity of the jet pipe in grams, 


Fig, 2, Experimental curves of the pressure variations at the receiving nozzles with 
various values of working agent pressure at the jet amplifier's input, 6, is the de- 
viation of the jet pipe from its mean position, in mm, Pre py is the pressure at the 
receiving nozzles, in kilograms/cm*, 


When it is considered that the accuracy with which the valve element follows the jet pipe must be within 
the limits, stated above, of 5, = 0,02 mm, then the valve drag force py, must equal 2 to 3 kilograrns for Pj, * 
= 25 to 30 kilograms /cm*, 


The values of py, obtained allow the question of increasing the pressure of the working agent in the ampli- 
fiers second stage to 100 to 120 kilograms/cm® to be raised, With this, certainly, a way must be determined 
of changing the construction of the valve device since, with increased pressure, the jet reaction at the valve 
openings is sharply increased, as is the inertial axial force, allowing autooscillation to develop in the valve it- 
self, There must also be taken into account the effect of obliteration, which lowers the sensitivity of the valve 
device when the pressure of the working agent is raised, 


In choosing the design parameters of a two-stage amplifier operating with increased pressures of the work- 
ing agent, it is necessary to take into account the load on the bearings of the jet pipe which determines the 
sensitivity of the entire device, 


The load on the bearings from the force acting along the axis of the jet pipe may be determined from the 
formula 


i=s Ap 
2 — ) (Fy — — — Foy + 


Foy (90° — 4.) + Gy, 


(1) 
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Fig, 3, The pressure drop used in the executive mechanism for 
various parameters of the jet regulator (for an executive mech- 
anism witha 200 mm travel and plunger diameter of 800 mm), 
APem is the pressure drop used in the executive mechanism, in 
kilograms/cm* and T,,, is the time of complete travel of the 
executive mechanism, in seconds, 


where 4p,, Ap,, Aps are the pressure losses at, respectively, the input to the T-pipe, at the bend between the 
inputs to the jet pipe and in its rectilinear portions, “pcg is the pressure loss in the conical nozzle, F,; is the 
area of the straight-through cross section of the pipe, F, is the area of the output cross section of the conical 
nozzle, ¥ is the specific weight of the oil, Gj, is the weight of the jet pipe, Fog is the interior surface area 
of the conical nozzle, 9 is the nozzle‘s angle of taper, Vpi 18 the velocity of flow in the rectilinear portion of 
the jet pipe and v,, is the velocity of flow at the nozzle’s output. 


With the inside diameter of the pipe dpi = 5 mm, the diameter of the conical nozzle's output orifice 
d, = 1.8 mm and © = 6 degrees, 18 minutes, we obtain 


Ro = 10-*-0,357 v8 + Gp — 0,026 (p eo Api) — 0,170 (Aps + Aps + 0,5 Ap,.,): (2) 


In formula (2), vp is in meters/second, Gj, is in kilograms and the pressures are in kilograms/cm’, 


If the value of Ry obtained is negative, the force will be applied to the bearings from below upwards, 
As the velocity of flow of the jet from the nozzle becomes greater, there is an increase in the downward di- 
rected component of Ry. 


The drag for the jet pipe design being considered is determined from the expression 
do 
R= = 0,006 Ro, (3) 


where # is the frictional coefficient at the bearings, taken equal to 0.1, dy is the diameter of the journal bearings 
of the jet pipe, equal to 0.6 cm, / ,,; is the distance from the axis of rotation of the jet pipe to the point of ap- 
plication of the force from the ve element, equal to 5 cm. 


It should be mentioned that the magnitude of the drag of the unloaded jet pipe, for Pjs = 8 ktlograms/cm’, 


equal to Rq © 0,0015 kilograms, was in very good agreement with the experimental data for a large number of 
jet amplifiers, 


For Pj, = 30 kilograms, the size of Rg was also comparatively low, and did not exceed 0.006 kilograms 
(Cf, Fig. 1). In view of the fact that force imparted by the sensing element to the jet pipe is ordinarily within 
the limits of 0.2 to 2,0 kilograms, the magnitude of the drag on the jet amplifier can, in practice, reach as high 
as 0,02 kilograms, i.e,, more than three times the computed value, 


It is completely understandable that, if the jet pipe bearings are executed by self-adjusting ball-bearings, 
the magnitude of Ry will be significantly decreased, and that the effects of the reaction forces, which might 
arise from bending and other defects of amplifier preparation and assembly, are eliminated, 


The use of two-stage hydraulic amplifiers with working agent pressures of py, = 100 to 120 kilograms/ em* 
gives a practically unlimited radius of action of this type of regulator in the conditions of ordinary industrial 
usage, Moreover, hydraulic amplifiers with such pressures of the working agent can be used in a number of new 
branches of industry (for example, for regulating pressure devices in rolling mills) where they have hitherto gone 
unused because of their insufficient power and speed of action of the executive mechanisms, 


It might be mentioned that single-stage jet amplifiers working with pressures of Pjs = 25 to 30 kilograms/cm* 
can also be used independently, 


Such amplifiers are simpler and more reliable than two-stage ones, and can successfully operate by using 
the working medium existing in the regulated object (for example, water), In this case, it is possible to join the 
regulator organically to the executive mechanisms and to remove from the unit the subsidiary elements used 
for remote control, as this is done, for example, with steam turbines, 


Figure 2 shows the experimentally obtained static characteristics of randomly selected jet amplifier units 
working with increased pressures of the working agent, 


On the basis of the formulae given in [1]* and also in [2, 3], one may determine the relationship between 
the pressure drop used in the executive mechanism, 4p,, , and the time of the mechanism* total travel, T,,, 
for various values of Pis (Fig. 3). 


The magnitude of Sp, ,, is defined by the expression 


i=mk 


T 
= 0,92 2 AF te. "ent! — (4) 


j=s 
— re 5 %em' |’ 
j=m 


where F_, |, is the area of the input cross section of the receiving nozzle, 4Fr~ ; and SFre ; are the elementary 
areas of the receiving nozzles (i is for nozzles, completely covered by the jet, j for partially covered nozzles),* * 
in cm*, Vrj,i 2nd ; are the mean jet velocities at the areas SF,, ; and AF rej in cm/second, Vern is the 
translational velocity of the executive mechanism's piston, in cm/second, k, = Fem /Fre_, = const (the effect 

of the size of the slope of the jet pipe with respect to the receiving nozzle is ignored), F,,,, is the piston area 

of the executive mechanism, incm’, . 


The coefficient 0.92 determines the lowering of magnitude of the jet's frontal pressure due to the eddying 
arising at the edges of the receiving nozzle and places where the jet spills. 


It should be remembered that, in case when translational speed of the executive mechanism's plunger 
must not be too great, it may be more economieal to use a single’ stage amplifier, with input pressures up to 
25 to 30 kilograms/cm*, than a two-stage amplifier with analogous pressures in the second stage, 


*The formula given in [1] were partially changed so that a special determination of the area of the turbulent 
zone was not necessitated, 
** For detalls on this question, Cf, [1]. 


| 
a 


By their characteristics, hydraulic jet amplifiers belong which those devices which can operate with 
quite a wide spectrum of input signal frequencies, up to 20 to 30 cycles [4, 5]. Moreover, as demonstrated by 
tests on special stands, these amplifiers are completely vibration — and shock-stable. 


Therefore, both single-stage and two-stage jet amplifiers with increased working agent parameters, in 
conjunction with electromechanical and other types of input elements, can be widely used in the future for the 
purposes of control and following, particularly in those cases when ba ap power, rapid speed and a large 


radius of action are required, 
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NOMOGRAMS FOR THE ANALYSIS AND SYNTHESIS OF AUTOMATIC 
STABILIZATION SYSTEMS 


P, S. Matveev and V, N, Plotnikov 


(Moscow) 


Nomograms, which may be used for the analysis and 
synthesis of automatic stabilization systems, are given for the 
desirable logarithmic amplitude characteristics, 


Today, frequency methods [ 1-4] based on the use of desirable logarithmic amplitude characteristics are 
widely used for the synthesis of automatic control systems, Frequency methods for designing stabilization sys- 
tems are less widely used due to certain specific features of the problem and the absence of methods for de- 
fining desirable characteristics, The present paper proposes a method of defining the desirable transfer functions 
of closed automatic stabilization systems, After the desirable logarithmic characteristics are obtained, the 
ordinary methods [1-3] may be used for synthesizing the correcting devices, 


As dynamic indicators which characterize an automatic stabilization system, we consider (Fig, 1) the fol- 
lowing quantities: 


1) the magnitude of the maximum deviation, xmax, engendered by a unit step-function disturbing stimu- 
lus; 


2) the duration of the transient response, T* , engendered by the same stimulus; 
3) the time, t,, for the deviation to attain its maximum value, 


Below, we consider nomograms which allow the determination of the quality indicators from the form of 
the logarithmic amplitude characteristic of a closed automatic control system, and also allow the determina- 
tion of the form of the desirable logarithmic amplitude characteristic fromgiven quality indicators, The nomo- 
grams were constructed for systems which are astatic with respect to the disturbing stimulus, since the nomo- 
grams developed in [3] can be used for static systems, 


In order that an automatic control system be astatic with respect to the disturbing stimulus, the low-fre- 
quency asymptote of the desirable logarithmic amplitude characteristic of the closed system must have a slope 
of 20 decibels/ decade, i.e., the system's transfer function must have the factors in the numerator, 


Since any physically realizable system has a limited pass band, it is clear that the high-frequency asymp- 
tote must have a slope of —20n decibels/decade, where n can take the values of 1,2,3,... 


To obtain the simplest transfer function of the correcting device, the high-frequency asymptote of the 
desirable logarithmic amplitude characteristic must differ as little as possible from the object's logarithmic 
amplitude characteristic, 


* For the duration of the transient response, we take the least time after which the controlled quantity gives 
| x(t)] = 4, For computing the nomograms, the magnitude of 4 was taken equal to 5% of the unit step-function 
disturbing impulse which engendered the deviation of the controlled quantity, x(t). 
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As for the medium-frequency portion of the de- 
sirable logarithmic amplitude characteristic of the 
closed system, analysis of actual automatic control sys- 
tems shows that, depending on the quality requirements, 
it may equally well (Fig, 2): have a slope of 0 decibels/ 


4 / decade, ~20 decibels/ decade, —40 decibels/decade, 
0 and 20 decibels/ decade, 0 and 40 decibels/ decade, 
—20 and 40 decibels/ decade, 


Starting from what has already been said, we 
assume that the transfer function of the closed automa- 


tic control system has the form 
Y; (s) = ke . 


In the particular cases when, in (1), we have T, = T, T;: = Ty, Ty = Tz = Ty, Ts = 0, Ty = Te, and Ts = 0, 
the transfer function has the form: 


ks y ks 
ks ks ks 2 


The asymptotic logarithmic amplitude characteristics of the closed systems with the transfer functions in 
(1) and (2), are shown in Fig, 2 (characteristics 1-6). As one of the parameters in constructing the nomograms 
in Figs, 3a, 3b, 3c and 3d, we chose the magnitude of Ly, which is the value of the ordinate of the asymptotic 
logarithmic amplitude characteristic for w = w,, 


Here, Wy Wr, Wg / Wp and Ws /Wyp are the relative mating frequencies, wy = 1/T;, = 1/ and 
Ws = 1/Ts. 
The nomograms (Figs, 3a, 3b, 3c, 3d) were constructed for the following fixed values of Ly: 5, 0, -5 and 


~10 decibels, The graphs show the dependencies of the dynamic indicators considered, Tw, tw, and x,,ay, on 
the relative mating frequency ws /, for fixed values of w, /w, = 1,0 or 2.0, 


Thus, to determine the desired quality indicators, it is first necessary to find Wy, Ly, Ws/w, and W,/w, 
from the given logarithmic characteristic, 


On the nomograms of Figs. 3a, 3b, 3c and 3d, the curves for Tw, are solid lines, the curves for tw, are 
dashed lines and the curves for x,,,, are alternating dots and dashes, If the values of the parameters w,/w, 
and L, differ from those for which the nomograms were constructed, the quality indicators can be determined 


by interpolation, An example will show the use of the nomograms, 
Let Ly = 0, Wg Wy =2, Wg Wy = 4,W,=1, Then, on the basis of Fig, 3b, the desired dynamic indicators 
will be 
T = 9.6 sec,. tr = 1.3 sec,. 0.48. 


9.6 
Tw, = 9.6, t = 1.3 T = 94 = 24 t_= 04 = 3.25 sec, 


If wy = 2, then 9.6 


T = 48 sec, = 0,65 sec, 


ZI 
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If the dynamic indicators T and x,,,y are given 
(in certain cases, t, may be given) then, by means of 
the nomograms, the parameters of the desirable logarith- 
mic amplitude characteristics may be chosen, It 
should be mentioned that the given problem 1s not 
single-valued, since one and the same set of quality 
indicators may be obtained with different logarithmic 
amplitude characteristics, By means of the nomogram 
it is also possible to select the desirable logarithmic 
amplitude characteristic which determines the mini- 
mum of any of the quality indicators if the others are 
given, 


Figure 4 gives the family of asymptotic logarith- 
mic amplitude characteristics of a closed system. In the construction of this family, an expression in which 
Xmax and T* enter directly was used: 


0,667 Ts 0,6672z m ax! 8 
+0 + 


For simplicity, T was taken equal to 5 in the calculations, 
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Fig. 4 
The characteristics were constructed for values of X,,, = 1, 0.75, 0.5, 0.4, 0.3, 0.25, 0.2, 0.15, 0.1 and 


0.05 (the corresponding logarithmic characteristics are marked by these numbers), The upper part of the figure 


gives the graph of the correction, 6, which must be added to the asymptotic logarithmic amplitude characteris- 
tics to obtain the actual characteristics, 


“* Formula (3) was obtained with the assumption that the impulsive response of the system was given on a finite 
interval T by a a polynomial of degree r; the system of coefficients was also assumed to be given, This method 
[5] may also be used for other cases, for example, for finding the desirable transfer function of static systems, 


Lm(w} 
4 
2 
‘ 
Fig, 2 | 


tt 
/ 
| 
| 
| 


Pig. 


In determining the desirable logarithmic characteristic, the mating frequency w, is obtained from the 
relationship “, = 5 T, where T is the desirable duration of the transient response, The given characteristics 


may also be used for finding the quality indicators (T and x,,,x) from a concrete logarithmic amplitude charac- 
teristic, and for choosing the desirable amplitude characteristics of the closed systems, 


SUMMARY 


Nomograms were developed for choosing the desirable logarithmic amplitude characteristics of closed 
automatic stabilization systems. 


The nomograms permit a direct determination from the form of the logarithmic amplitude characteristics 
of a closed system (for minimum-phase type systems) of the following dynamic indicators: The regulation time 
T, the magnitude of the maximum deviation x,,,, and the time, t,, for the controlled quantity to reach its 


maximum deviation, 
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MAGNETIC-CRYSTAL AMPLIFIERS 


O, A. Kossov 


(Moscow) . 


A description is given of a simple circuit for a magnetic- 
semiconductor amplifier in whose output stage are used transis- 
tors operating in the switching mode, 


By joining semiconductors and magnetic stages, one can implement circuits with high speeds of action 
and high gains, As a rule, the input stageisrealized by planar transistors (PT) and the output stage is a mag- 
netic amplifier (MA) [1, 2]. 


The mastering of the industrial production of power PTs allows, in many cases, triodes to be used in 
amplifiers* output stages. Amplifiers operating as class A or class B possess low efficiency and small utiliza- 
tion coefficients of the triodes,” ky. Therefore, for significant power to the load (on the order of hundreds of 
watts), it is advantageous to use the PT switching mode, 


For a PT wired in a common emitter circuit (Fig. 1a), the switching mode is characterized by the fact 
that the triode can remain for long periods of time only at two working points M and N (Fig, 1b). At pointM 
the triode is cut off, the collector and load currents are close to zero and practically all the voltage from the 
supply is applied to the triode, At point N, the triode conducts, the collector and load currents are high, the 
voltage drop across the triode is small, and practically all the source voltage is applied to the load, The triode 
operates at point M if the potential of the base is positive with respect to the emitter and the base current suf- 
fices to saturate the triode, The power dissipated by the triode at these working points does not exceed 4% of 
the maximum power supplied by the triode to the load, The power gain kp > 1000, the triode‘s utilization 
coefficient ky > 100, 


It is known that, for a class A amplifier, ky = 0.5; for class B operation, k,, = 2,47, Consequently, a PT 
operating in the switching mode can deliver power to the load which is tens of times larger than that of a linear 
amplifier with the same power dissipation, If the supply source voltage U, is changed, the load line is displaced 
parallel to itself, With this, working point M is translated along line OM and point N along line ON, 


Use of triodes working in the switching mode in the output stage permits a significant decrease in the di- 
mensions and weight of the amplifier. For controlling switching of the triodes one may use a magnetic ampli- 
fier based on cores with rectangular hysteresis loops. 


The circuit for such an amplifier, with a de voltage source, suggested by Collins [3], is shown in Fig. 2, 
Voltage amplifier VA, constructed of switching triodes, provides a rectangular voltage at its output, The 
secondary winding of this transformer supplies the magnetic amplifier MA, used for width-pulse modulation of 
this voltage, The MA load is two switching triodes, Ty and Tz, whose pass interval is modulated linearly from 
zero to 50% by means of control current from the MA, In order for the cut off potential to be applied to the 
triode bases in the intervals of unsaturated core state, and to pass the magnetizing current for the MA, biasing 
diode D, is used, its supply coming from the insulated biasing source E}; via resistor Rhj. The amplifier has a 
nonreversible dc output. The load can be an active, or an inductive-ohmic, impedance, In the latter case, the 
load must be shunted by diode D (Fig. 2). 
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The voltage transformer can be built to oper- | 
ate at higher frequencies, With this, the dimensions 
and weights of the transformer and the MA will not . 
be large, and the speed of response of the MA will 
be high. The use of a magnetic amplifier as the in- 
put stage allows easy summation of several signals, 

The disadvantage of the amplifier is the complexity 
of the scheme which requires an individual voltage | 
transformer for supplying the magnetic amplifier, q 
and a circuit for cutting off the triodes, with an in- 
sulated de source, 


In various heat regulators and in controlled low- 
power resistance furnaces, the amplifier is an active 
impedance but the supply comes from an ac source, 
In these and similar cases, a simpler magnetic-crys- 
Fig. 1, a) is the triode wiring diagram, b) is the tal amplifier (MCA) circuit, suggested by the author, 
collector's voltampere characteristic, may be used, In this circuit there is no voltage trans- 
former, and cutting off of the triodes in the intervals | 
of unsaturared MA core states is implemented more simply, 


Let us consider the principle of operation of the MCA, whose circuit is shown in Fig. 3a, The output stage 
is crystal amplifier CA, based on two switching triodes, Ty and T,, supplied from the ac source, Up , vis diodes | 
D, and Dy. The input stage, the magnetic amplifier, is connected to the same ac source via transformer T,. 

The load on the magnetic amplifier is winding ws of transformer Tc, by means of which switching voltage U, 
is introduced into the base circuits of triodes T, and T,. Cutoff voltage U, is applied to winding w,, of trans~ | 
former Tc from winding wyyy of transformer Tp. The two secondary windings of Tc introduce the differences | 
of these voltages into the base circuits of the corresponding triodés, 


Fig. 2, Circuit of a magnetic-crystal amplifier with a de | 
voltage supply. 
Let the positive half-wave of supply voltage U,,__ correspond to the conducting half-period of diode Dj. | 
The load current will then depend on the conductance of triode T,. Let the saturation angle of the MA cores | 
equal y. Then, in the interval from 0 to y, when the MA cores are not saturated, the cutoff voltage U,, is 
larger than the switching voltage U,, due to the flow of magnetizing current in the MA, and the potential, U},, 
of the base of triode T, is positive, The triode is cutoff, the load current equals zero, For #,= 7, one of the 
MA cores is saturated, U, increases by a jump, the base potential Up, becomes negative, and current Ip, flows | 
in the base circuit, saturating the triode, The load current , also increases by jumps up to the magnitude de- 
termined by the network voltage and the load impedance, In the interval fom y tom ,asU,,, varies, so 
also does the load current and the triode base current, while complete saturation of the triode is maintained at 
every point, In the interval from ™ to(m + y), the base of Ty continues to remain negative and a small current 
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Fig. 3, a) is the circuit of the magnetic-crystal amplifier supplied from an 
ac source, b) gives the theoretical curves of the variations of the basic vari 
ables which characterize amplifier operation: U, is the network voltage, U, 
is the cutoff voltage, Us is the output of the magnetic amplifier, Up, and 
are, respectively, the potential and current of the base of triode T;, 


is the load current, 


4 


Va 


f\ 


Fig. 4. Oscillograms of volt- 
age and current in the MCA 


circuit (frequency of 50 cycles), 


flows in the circuit for triode excitation, while in the interval from 

(" + ) to 2m, triode T, is cutoff by the switching voltage. However, 
current may not flow in the D,T, circuit during the entire interval from 
® to 2n, since diode D, is connected in the nonconducting direction. 
The DT, circuit works analogously, with the sole difference that in the 
interval from 0 to ® diode D, is connected in the nonconducting direc- 
tion, and in the conducting in the interval from to 2x, With this, 
triode T; is cut off in the interval from * to(™ +  ), and in the in- 
terval from (" + ) to 2 conducts, and passes current to the load in 
the opposite direction, 


The oscillograms of Fig, 4 gives the curves for U, , Up,, Ip, and 
I, which coincide closely with the theoretical curves shown on Fig. 3b, 


By regulating the current controlling the angle of saturation of the 
MA cores, it is possible to vary, within wide limits, the effective value 
of load current of the magnetic-crystal amplifier, 


An experimental specimen amplifier with 170 watt output power, 
built of two type P4U triodes without additional heat disposal, is charac- 


terized by the following data: U, = 45 volts, f = 50 cycles, Ry = 10.6 
ohms, amplifier weight is G = 0,8 kilograms, R,,, = 15.5 ohms, power 
gain is kp = 1,5°10° and efficiency for maximum signal is n © 97%, 


The MA cores and the transformers were made as toroids of ma- 
terial 50 NP, 
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Fig. 5. Magnetic-crystal ampli- 
fier characteristics, 


The characteristics of the magnetic-crystal amplifier, pre- 
sented in Fig. 5, are analogous to the characteristics of magnetic 
amplifiers built of cores with rectangular hysteresis loops. 


Based on the principles given above, one caa construct nonre- 
versible and reversible amplifier circuits with dc or ac outputs, The 
amplifier load can be a pure active impedance, 
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POLARIZED-RELAY VIBRATION CONTROL BLOCK FOR PNEUMATIC 
DRIVES 


N.S. Gorskaya and B. I. Myzin 
(Moscow) 


A polarized-relay vibration control block designed to operate 
with pneumatic drives is considered, 


The basic requirements imposed on the vibration control blocks 
of pneumatic drives, at whose outputs autooscillations are inadmissible, 
are formulated, the characteristics of the block are given, as well as 
oscillograms of the transient responses in the individual portions of the 
control block and the results of testing it in a complete scheme of a 
servomechanism in conjunction with a pneumatic drive. 


In a number of cases in the development of high-quality automatic control systems there arises the pro- 
blem of constructing fast-acting servomechanisms, Several types of fast-acting electropneumatic servomechan- 
isms were developed at the IAT AN SSSR, V. A, Trapeznikov and V, V. Petrov [1] proposed a fast-acting servo- 
mechanism with intemal vibration loops tuned to a frequency within the limits of 15 to 30 cycles, The power 
element of this servomechanism was a pneumatic drive which operated in the autooscillatory mode with an 
amplitude of 10 to 15% of the full travel. 
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Fig. 2, 1) is the nonlinear velocity feedback; 2) is the valve; 3) is the pneu- 
matic drive's piston; 4) is the electromagnet; 5) is the differentiating loop; 6) 
is the rigid feedback; 7) is the control block, 


Fig. 3 


V. V. Petrov and the authors of the present paper developed 
y an electropneumatic servomechanisra with internal vibration blocks 
at a 50-cycle frequency, Stable operation of the vibration loop 
i y was guaranteed by introducing an additional 50-cycle synchroniz 
A tion voltage, This servomechanism had output autooscillations 
200 /sec insignificant amplitude, 


a The authors developed a vibration control block for elec- 
A | : tropneumatic servomechanisms, the block being based on polar- 


ized relays [2, 3] and designed to operate with modified pneuma- 
Fig. 4 tic drives, 


The development of this block was based on the idea of 
V. S, Kulebakin regarding “stimulating stabilization® of relay systems by imposing oscillations of increased fre- 
quencies from a constant source, This idea was further developed in the works of G, S, Pospelov [4]. 


A servomechanism with stimulating stabilization, consisting of an autonomous generator forcing 80-cycle 


oscillations and a nonlinear speed feedback, possesses good dynamic qualities and a complete absence of auto- 
oscillations at the output. 


There is a brief description of the enumerated servomechanisms in [5]. Also to be found there is a formula- 
tion of the basic steps in servomechanism design: choosing the form of the transient response, choosing the 
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characteristics of the elements and the connections so as to provide the given form of transient response, and 
oscillograms of the transient responses are also given there, 


The present paper contains extended material having to do with a vibration block with stimulating ex- 
citation, realized with polarized relays, 


1. Basic Requirements Imposed on the Vibration Control Blocks of Pneumatic 


Drives at Whose Outputs Autooscillations are Inadmissible 


Servomechanisms, widely used today in automatic control and regulatory systems, and also in servo (fol- 
lowing, or tracking) systems, consist basically of two links: a control block and a drive (executive mechanism), 


Servomechanisms employed as steering machines, etc,, as a rule must be highly accurate and fast, with 
no autooscillation at the output (or with autooscillations of insignificant amplitude), The same requirements 
are imposed on the control blocks of such servomechanisms, As is well known, the greatest speed of action in 
conjunction with a stable stationary mode of operation, is possessed by servomechanisms whose control blocks 
have a relay characteristic with small segments of linearity. 


Thanks to the presence of a linear zone in the characteristic of the control block, the servomechanism 
is stabilized about an equilibrium position and, in connection with the presence of a saturation zone, retains 
all the properties of a relay system, allowing the greatest speed of action to be obtained, 


Since oscillations at the output are inadmissible in the steady state of servomechanisms of the type con- 
sidered, the vibration control block must have a mode of operation which differs from what is common for 
vibration loops, With this, the output element of the control block, an electromagnet articulated with the drive 
valve, must perform a steady-state oscillation with an amplitude lying within the limits of valve covering. 
When there is an input signal which exceeds a certain definite value, the electromagnet, and the valve joined 
to it, must perform a complete operating translation, uncovering the valve aperture completely, The frequency 
of oscillation of the electromagnet-valve, determined by the vibration loop, must be chosen on the basis of the 
filtering properties of the pneumatic portion in such manner that the valve oscillation not engender oscillations 
of the pneumatic drive, 
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In order that the electromagnet oscillate with an am- 
plitude lying within the limits of valve covering, its fre- 
quency of oscillation must be high.* However, at frequen- 
cies higher than 40 cycles, one cannot obtain stable vibra- 
tory modes of operation of the control blocks with internal 
vibration loops, due to the interaction of the electromagnet 
and control relay circuits, since one of the relay windings 
is in parallel with a condenser and itself forms a vibration 
loop (tuned circuit), To remove this interaction and ob- 
tain the capability of establishing a frequency higher than 


40 cycles, the control block must have an oscillation gen- 
erator, 


This work provides a description of a polarized-relay 
control block in which the relay characteristic is linearized 


by means of an oscillation generator of triangular-shaped 
vibrations, 


The nonlinear Z-shaped characteristic of the final 
amplifier, under the action of the vibrations (forced oscilla- 
tions) is linearized,or, more accurately, deformed into an 
uneven nonlinear characteristic which includes linearity 
and saturation zones, The triangular form was chosen for 
the curve of the forcing oscillations since it is the best form 
of those oscillation curves which provide a linear relation- 
ship between the average values of the final amplifier's 
output coordinates and the errors in a narrow range [4], 


2. Polarized-Relay Control Block and Its 
Operation in the Complete Servomechanism 
Scheme 


The block schematic of the vibration control block 
is shown in Fig, 1, while Fig, 2 gives the block schematic 
of the servomechanism, An exterior view of the control 
block is shown in Fig. 3, To eliminate the influence of 
the final amplifier on the oscillation generator, an inter- 
mediate isolating stage with introduced into the block, 


The control block consists of three RP-4 polarized 
relays. Relay PR, is in the oscillation generator circuit, 
The intermediate stage is based on relay PRe, and relay PR, 
(in the final amplifier) is used to switch in the electromag - 
net under the stimulus of the forcing and controlling signals, 


The triangular oscillation generator is an independent 
RLC tuned circuit formed by windings IPR, and IIPR, and 
condenser C, in parallel with them, Also included in the 
tuned circuit are windings IPR, and IIPR, of relay PRg, con- 
nected in series with the corresponding windings of relay PRy. 


The RCL loop is supplied by a 24 volt de source, The 
self-excitation pulses are formed periodically by the transfer 
of the armature of relay PRy. The frequency of transfer of 
armature A, of relay PR, corresponds to 80 cycles, Changing 
the capacitance of C, will change the frequency, Since an 
ac current of 80-cycle frequency flows through windings 
IPR, and IIPR, (the same as in windings IPR, AND IIPR,), 
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Fig, 11 


armature A, of relay PRz oscillates with the same frequency, The 
contacts and armature of relay PR, switch the winding of relay PRs. 
Thus, the tuned circuit provides an oscillation of armature As; of 
relay PR with a frequency of 80 cycles. 


For maintaining the form of the voltage, condenser Cg, in 
parallel with windings IPR, and IIPRs, and limiting resistor Rg are 
used, By varying Rg, one can also vary, within certain limits, the 
travel time of the armature of relay PR, and the time for which the 
armature remains at contacts IPR, and 2PRg, i.e., one can vary the 
amplitude of oscillation of the electromagnet's armature within 
certain limits, 


In addition to windings IPR, and IIPR;, to which the generator 
signals are applied, relay PR, has winding IIIIPRs to which the con- 
trolling signals are applied, The ratio of the break and make dura- 
tions of relay contacts 1PR, and 2PR, varies as a function of the 
amplitude and sign of the controlling signal, The contacts of relay 
PRg are used for switching in the electromagnet winding. At the 
moment when contacts 1PR, and 2PR, transfer, rectangular voltage 
pulses with small horns appear at the electromagnet's winding, Re- 
sistors Rg and Ry, and condenser Cy are used for extinguishing and 
limiting the magnitude .of the voltage horns at the moment when 
the PR, contacts transfer, 


When a controlling signals is impressed on winding IIIPR,, 
the ratio of the pulse durations on the electromagnet windings is 
changed, Correspondingly, within the limits of the linear zone of 
the final amplifiers characteristic, the travel of the electromag- 
net's armature is proportional to the controlling signal, Outside 
the limits of the linear zone, relay PR, “sticks,” and the electro- 
magnet proceeds by a jump to one of the limiting positions, 


With the given parameters of the vibration block control cir- 
cuit, the amplitude of the electromagnet's oscillations is x, = 0.3 
to 0.4mm, To provide stability, and also to obtain a desirable form 
of the transient response for a given speed of action, provision is 
made in the control block for the introduction of a rigid and non- 
linear speed feedback, This latter is implemented by a tacho- 
meter generator TG and selenium rectifiers of type 54VS x 45, 


The characteristic of the nonlinear speed feedback, Up{m), 
is shown in Fig. 4, where m is the speed of the drive and Up, is 
the voltage in the nonlinear speed feedback path, 


The control block was developed for application to the electromagnet whose characteristics are given in 


Fig, 5-7. 


Figure 5 shows the dispacement of the electromagnet armature as a function of the current in its winding, 
Figure 6 gives the dependence of the electromagnet's induction on the armature displacement, Figure 7 gives the 
the tractional characteristic of the electromagnet, Ppy(x), where Pp), is the force developed by the electro- 
magnet, and also the electromagnet's mechanical characteristic, Py) where P,, is the sum of the forces de- 
veloped by the electromagnet's spring and the frictional forces, The rigidity of the electromagnet's spring is 


about 300 grams /mm. 


Experimental investigation of the transient response in the circuits of the control block showed that the 
lag of the control block, in conjunction with the electromagnet, was small, being approximately 9 milliseconds, 
The operation time of the electromagnet, i,e,, the time from the moment when an input voltage is applied to 
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Fig. 12 


the control block to the moment when the electromagnet has transferred to its limiting position, equalled 20 | 
milliseconds, The high speed of action of the electromagnet was attained by shunting resistor R; by condenser 
Cj (to accelerate operation of relay PRg), and also by introducing supplementary resistors, R, = 10 ohms, parallel 
to the two halves of each electromagnet winding (to accelerate electromagnet operation), The transient re- 
sponse of the control block is shown in Fig. 8, where Ujp is the input signal, x is the electromagnet's displace- 


ment, 1) , is the voltage oscillation on relay windings I-IIPR, and I-IIPR, and nf is the forced voltage oscilla- 
tion on relay winding I-IIPR3. 


Figure 9 shows the oscillogram of input voltage U,p, (sticking voltage of relay PRg) and the output voltage 
Uput of the control block with the electromagnets disconnected, The oscillogram shows that the total lag time | 
of the control block without electromagnets equals 5 milliseconds, The nonlinear characteristic of Ujys(Ujn) 
is given in Fig, 10. 


3. Experimental Results of Testing the Joint Operation of the Control Block with 
a Pneumatic Drive 


The pneumatic drive was supplied with air at a pressure of p = 20 kilograms/ cm’, The transient response 
in the contro] block and pneumatic drive, with a nonlinear speed feedback present, is shown in Fig, 11, It is 
clear from the oscillogram of Fig, 11 that the run-out (overshoot) of the drive does not exceed 6% of maximum t 
travel, 


With no input signal, the oscillations of the electromagnet-valve have an amplitude of x, = 0.35 mm with 
a frequency of f, * 80 cycles, The lag time is t},, = 0.15 seconds; unloaded, and with a travel m = 30 mm, , 
the duration of the transient response is tg = 0.17 seconds; the maximum unloaded speed is 450 mm /second; the 
insensitivity is + 3%, 


Figure 12 gives the oscillograms for the external sinusoidal stimuli as operated on by the control block to- 
gether with the pneumatic drive, For a frequency of 0.5 cycles of the external signals, the phase shift was 26° 
(Fig. 12a) The greatest external signal frequency passed by the pneumatic drive, as follows from the oscillo- 
grams of Fig. 12b, is approximately 11 to 12 cycles, For a frequency of the external signal greater than 12 cycles, 
the amplitude of oscillation of the pneumatic drive is less than 0.3% of maximum travel. 


The experiments made showed the comparatively high dynamic quality of the polarized-relay vibration 
control block, and also made manifest a nutaber of its superior features in comparison with internal vibration 
loops. Among these advantages are the stability of operation at high frequency oscillations ( 80 cycles) of small 
amplitude (fractions of a millimeter), and also the high speed of response with low weight and small dimensions, 
Use of a polarized-relay vibration block for pneumatic drive control tends to increase the stability of the servo- 
mechanism characteristics as a whole, and increases the reliability of operation of the pneumatic portion, 


Vibration blocks are simple to assemble and adjust, Further perfecting of control blocks must be related 
to the development of vibration loops of the contactless type, which will permit reliability to be increased even 
further, 
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Although this article concentrates more on political ideology than science, and 
expresses views with which we are not in accord or agreement, we have felt that 
we should publish it in full, in light of our policy of cover-to-cover translation, 
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CYBERNETICS IN THE LIGHT OF LENIN'S BOOK "MATERIALISM 
AND EMPIRIOCRITICISM * 


(Concerning the meeting of the Academic Council of the IAT AN SSSR, 
devoted to the 50*th anniversary of the publishing of V. I, Lenin's book 
"Materialism and Empiriocriticism") 


On May 14, 1959 in the Institute for Automation and Remote Control of the AN SSSR, there was held a 
meeting of the Academic Council dedicated to the 50th anniversary of the publishing of V. I, Lenin’s book 
“Materialism and Empiriocriticism," The participants in the meeting listened delightedly to B, M. Kedrov‘s 
paper, "The book by V. I, Lenin,"Materialism and Empiriocriticism™ and modern natural science,” V, 5S, 


Pugachev, A, A, Fel'dbaum and S, M, Shalyutin presented additional papers on the philosophical problems of i. 
cybernetics in the light of V, I, Lenin’s work of genius, 


B, M. Kedrov characterized in detail the value of V. I. Lenin's work for the understanding of those pro- 4 
found processes which began in natural science, particularly in physics, at the turn of this century and which 
have continued up to the present, The speaker also considered such concepts as “the latest revolution in natural 
science™ and the “crisis in physics" which underlie Lenin's analysis of modern natural science, The great dis- | 
coveries made in the domain of physical studies on the structure of matter during the half-century since the ) 
publishing of V. I, Lenin’s book, and that philosophical struggle which unchangingly swirled, and still swirls, 


about them brilliantly confirm the correctness of the analysis given by Lenin of modern natural science and the 
outlook for its future development, 


In particular, the development of automation, and the branches of physics, mathematics and engineering W 
related to it may be used as an example demonstrating the correction of the conclusions drawn in Lenin's book, 
All this also related directly to cybernetics, 


The opinion is sometimes advanced that the new technological revolution in the Soviet Union will be the 
practical use of atomic energy as the most powerful energy source, This is not the case, Indeed, it is automa- 
tion, moving productive processes under their own control, which today plays the same decisive role as was I 
played by power machines in the industrial revolution of the eighteenth century, Cybernetics solves the prob- 4g 
lem of replacing, not the workman's hand, as was done two hundred years ago, but the brain of the workman, 
the foreman, the engineer, in production and in other practical domains of human technological activities, 


Certainly, no one is speaking of eliminating the brain, {,e,, the creative element, from productive pro- H 
cesses, but only of the shifting of certain very essential functions, hitherto performed by the brain of the worker 
or the engineer, to a machine -automation, In the measure that the brain is relieved of these functions which ) 
will be transferred to an ever greater degree to cybernetic machines, the human brain (the consciousness of the | 
subject) can reserve to itself the execution of the more complex, more responsible and decisive operations which 
are not subjected to “automation,” being, as it were, the highest control console of the entire process as whole, | 
including therein the cybernetic machines themselves, and operations including the creation of these machines, iy 
their programming and their further perfecting, lp 


In his book, V. I, Lenin showed that the crisis in physics and in all of modern natural science in the capi- 
talistic countries consists of the attempt to draw from the revolution in natural science reactionary philosophical 
and sociological conclusions. 
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Precisely this occurred with cybernetics with many reactionary thinkers in the countries of modern capital- 
ism, In their eyes, cybernetic machines, in the ideal, are pictured by the capitalist as means for the complete 
replacement of the human brain, It is naturally assumed, with this, that such “brains” will not have the tend- 
encies, unacceptable to the capitalist, towards strikes, towards revolutions, etc. 


Such, in the final analysis of social realities, is the idea of artificial intelligence, of "robots," etc,, so 
widely diffused in certain foreign popular, and even scientific, works, In them is propagandized the theoretical 
possibility of solving any problem, not only technological but also social and cognitive, by means of electronic 
computers, including such problems as determining the laws of modern capitalism and of all human societies, 
questions of war and peace, etc, 


The social direction here is completely evident: it consists of “proofs” of the imaginary needlessness of 
a science of societies, of the imaginary impossibility of scientific prediction based on a knowledge of the laws 
of societal development, of the imaginary impotence of Marxism to state the actual path of the historical proc- 
ess, All this is announced by the reactionary sociologues and philosophers of cybernetic matters which, cer- 
tainly, is the result of a profound hypertrophy of their true meaning and value for modem scientific-technologi- 
cal progress, 

The question arises, in connection with this, as to whether cybernetic machines are capable in principle, 
given sufficient size, complexity and time, to replace the human brain and to carry out cogitation, to be, in 
the ordinary sense of the words, “thinking” and “creating® machines, i.e., to turn themselves into subjects pos- 
sessing thought, although artificially created by human thought. 


This question is of particular interest in connection with the marked recent tendency in the capitalist 
countries towards an objective idealism (neo-Thomism, neo-Platonism) among certain strata of the supporters 
of idealistic philosophy (particularly, neo-positivism) and neo-Machian "physical" idealism, i.e., the sub- 
jective-idealistic direction, This phenomenon harmonizes perfectly with the idea of replacing the brain of an 
individual human (the subject) by a cybemetic machine, beyond which stands a higher Essence ("Essence™ with 
a capital letter, i.e., God), "wisely" directing the general course of experience in the world, 


The reactionary philosophical and sociological conclusions, drawn by certain authors from cybernetics 
and its great successes, in no way undermine the value of this science, since it bears no responsibility for these 
conclusions, 


Of course, it is necessary to take issue with the reactionary conclusions and interpretations with all resolu- 
teness, but itis forbidden to throw out, together with the muddy water of the reactionary Weltanschauung which 
tries to live parasitically off the accomplishments of science, the living, viable origin, cybernetics itself, 


It is interesting to note that in connection with cybernetics, just as with quantum mechanics not too long 
ago, gnosiological conclusions are drawn which are supposed to be the “new® solution to the question of the 
relationship of subject to object on the basis of the putative latest accomplishments of science and experimental 
technology. 


.In his book, V, I, Lenin clearly shows what is the authentic scientific solution of this gnosiological ques- 
tion: the object really exists, outside of, and independently of, our consciousness (of the subject); the subject 
(our consciousness) is only the image of the object and, consequently, is something secondary with respect to 
the object, With this, our sensation is not a partition separating subject from object but, on the contrary, a 
direct connecting link, thanks to which the energy of an external stimulus crosses over into a fact of conscious- 
ness, 


Consequently, we have the relationship: 
OBJECT.....SUB JECT 


The subjective-idealistic interpretation of quantum mechanics in particular consisted of this: that be- 
tween the subject and the object there was introduced a measuring instrument, thanks to which there was im- 


plemented a supposedly continuous relationship between the subject (experimenter observing the microcosm) 
and the object (the microcosm itself), 


In the opinion of the “physical idealists who draw from quantum mechanics the gnosiological conclusions 
in the sense already cited, the instrument does not simply aid the observer to detect the microprocesses, which 
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would be impossible to analyze without it, but the instrument is itself included in the flow of the physical micro- 
processes and becomes one of their constituents, whereby the instrument “prepares® the object itself (the 
microcosm), As a result, the object turns out to be directly dependent upon the subject and his instruments, by 
which is supposedly “proved,” “on the basis of" quantum mechanical data, the old idealistic idea that there is 
no object without a subject, the ideal which was particularly promulgated by the Machist Avenarius whore ad- 
herent, A. A. Malinovsky, was attacked by Lenin in "Materialism and Empiriocriticism. By uniting the instru- 
ment with the subject and subsuming the action of the instrument under the principle of uncontrollability, the 
“physical” idealist constructed his type of “instrumental” idealism and advanced the concept of “physical® 
(i.e., prepared by the instrument) “reality,” which supposedly supplanted the materialist concept of objective 
reality (i.e,, matter) so explicitly and convincingly developed by V. I, Lenin in his book, 


The result is the gnosiological scheme wherein the instrument, which is actually partof the object, part 
of the material world, is incorrectly included with the subject with the purpose, by means of the *hauling up” 
instrument onto the subject, of dissolving in them, at least partially, the microobject itself, depriving it of 
the marks of independence of the subject and, consequently, the marks of materiality, in Lenin's use of that 
concept, 


The essence of the attempt to interpret cybemetics as if it were evidence for the theoretical possibility 
of replacing human consciousness by machines is nothing else than the false representation of the subject-object 
relationship, based on the distorted representation of the role of the instrument, in the given case, the machine- 
automaton, as in the case of “instrumental” idealism, The difference consists only in this; that earlier gnosiolo- 
gical conclusions were drawn in the spirit of subjective idealism, but now they are drawn in the spirit of ob- 
jective idealism, and are accompanied by the "liquidation" of the subject himself by dissolution in a tech- 
nical device created by human art, 


The result is a gnosiological scheme in which the role of the subject (individual consciousness) is executed 
by a machine, i.e., an object prepared artificially, but the spiritual beginning is beyond the limits of the in- 
dividual human being in the form of some "world spirit," or God: 


OBJECT + MACHINE—AUTOMATON = *SUBJECT®. 


The assumption that a machine, as complicated as you like, can opine, think, feel, etc., similarly to an 
actual living subject, is a sheer misunderstanding, is the result of confusing mechanical or physical problems 
with philosophical, gnosiological, problems, No machine, independently of the degree of its complexity or per- 
fection, independently of the properties supplied to it, (for example, the capability of spontaneous reproduction 
of itself by similar machines, etc.) can ever stop being a machine, can ever realize itself its deeds and actions, 
mentally see beforehand the results of the actions proposed by it, as is done by human beings for both 
the simplest and most complex cases, And this applies not only to nonliving machines but also to lower living organ- 
isms, lacking consciousness and executing acts with corresponding efficacity, The machine-automation has 
not, and cannot have, any idea of the results of its subsequent acts, but all, without exception, that bears on this 
result and the “goal” that is placed before the machine is communicated to it, all, down to the last sign, by a 
human being, i.e., by a subject, The programmed actions of cybernetic machines, whether these have to do 
with just one machine or a whole chain of machines, even such a chain where one machine produces, “gives 
birth to,” another one similar to it, are given by a human being, by virtue of his conscious activity, Properly 
speaking, the programming placed in the machine by the human being is nothing other than the ideal idea of 
the worker (subject) at the beginning of the process of the result which should be obtained at the end of this 
process, whereby the ideal is translated into the material by the materialization of the machine*s data, Con- 
sequently, under examination, even the cybernetic machine turns out to be only a particular device wherein the 
worker's ideal notion of a desirable result of a process may be translated from the worker's head (where it exists 
only as an ideal) to the machine itself in the form of a program of its actions and is thus materalized at the very 
beginning of the process, 


To put it briefly, cybernetic machines give no new data for the posing of the fundamental gnosiological 
question of the rclationship between subject and object, 


The transfer to these machines of some functions previously executed by human brains does not mean that 
there is automatically transferred, together with these functions, the abilities of independent thought, feeling, etc, 
Thought is a property of highly organized matter, the brain, its internal state, its capability to realize the 
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external world within itself, while distinguishing itself from the external world, This capability is not observed 
either in machines nor even in living things; it is the qualitatively distinguishing specific property, of the human 
being, this intelligence of his, and is observed only in embryo among the higher living organisms, If, in the 
human head, this property is accompanied by such actions as deduction, by some form of syllogism or another, 
and if these acts lend themselves to automation, then this certainly does not mean that the capability of the 
subject to think, to feel, to place before himself a definite goal, etc., lends itself in theory to automation as 
well, From the fact that some functions are transferred to the machine it is impossible to draw the hasty con- 
clusion as to the possibility of transferriag to it all the functions of the brain, including the ability of the brain 
to create and develop ways to transfer its functions to machines, 


V.I, Lenin’s "Materialism and Empiriocriticism,” has been, and will continue to be, an inestimable aid to 
leaders, naturalists, philosophers, technologists and all our intelligentsia, In it, the modern reader finds the 
answers to those questions which were posed by the latest revolution in natural science 50 years ago and which 
today arise again and again in connection with the further progress of science and, also, in connection with the 
further stiffening of the philosophical struggle around the latest discoveries of physics, mathematics, automation 
and other domains of knowledge, 


In his co-report, V. S, Pugachev spoke of the danger for specialists who use scientific concepts without 
analysing their philosophic side, particularly in those cases when these concepts are perverted in the spirit of 
Machism, which considers scientific laws only as convenient forms for registering experimental data, As an 
example of such Machian distortion, V. S. Pugachev considered certain definitions of basic concepts in proba- 
bility theory, illustrating with them the actuality of V. I, Lenin's work in our time, 


Among specialists there is widely disseminated the definition of probability of Mises as the limit of the 
ratio of the number of appearances of an outcome to the number of trials, as the number of trials increases with- 
out bound, This definition is completely unsound from the philosophical point of view and gives rise to great 
difficulties on the mathematical plane, Here, probability is not recognized as an objective characteristic of a 
random outcome, but as a convenient form for registering the result of performing test. In spite of this, pro- 
bability theory allows many conclusions to be drawn without direct experiment. 


The definitionof von Mises, despite its Machian character, imbues many applied works, for example, the 
book of the American scientists Laning and Battin “Random Processes in Automatic Control" (IL 1958), where it 
figures together with the correct logical foundations of probability theory. 


Today, the fallaciousness of von Mises" definition of probability is known, among us, by almost all scien- 
tists, However, there are analogous Machian contents to the definitions of the correlation function and the spec- 
tral density of stationary random processes, widely disseminated both in foreign literature and in our own dealing 
with the technical applications of the theory of random processes. 


In many sources today, the correlation function of a stationary random process, x(t), is defined by the 
formula 


T 


k(t) = din (t)a(t (1) 


This definition contains the same mathematical difficulty, in its passage to the limit, as does the defini- 
tion of probability of von Mises, In this definition, the correlation function does not have a probabilistic content, 
is not an objective characteristic of the random process, but is essentially only a convenient form for registering 
experimental data, The correlation function does not exists only to the extent that one knows realizations, ob- 
tained experimentally, of the random process, Thus, the definition of the correlation function just given is, both 
from the mathematical and philosophical points of view, identically the von Mises definition of probability, 
Consequently, such a definition of the correlation function is purely Machian, 


Whatever be the fallaciousness of the definition of the correlation function, formula (1) is correct in the 
particular case of an ergodic stationary random process, with the condition that the limit in it be understood as 
a limit in probability, 
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For the definition of the spectral density of a stationary random process, one ordinarily takes the Fourier 
transform of the “truncated” random process 


T 
Ar(w) = vr \2 (2) 
and then, from the formula 
T T 
| Aro)? = \ \ x(t) x (t+ (3) 
-T 


the conclusion is drawn that, for all realizations of the ergodic stationary random function, the quantity 


5 (w) = lim | Ar (4) 


has one and the same value, and formula (4) is then taken as the definition of the spectral density. 


In fact, the passage to the limit in probability under the integral sign in (3) is impossible, and the quantity 
in (4) is essentially a random function, with different realizations for different realizations of the random func- 
tion, with different realizations for different realizations of the random function x(t), Thus, formula (4) is invalid 
in either understanding of the limit, This example shows what harm can arise from the use of the Machian de- 
finitions and the refusal to penetrate deeply into the essence of the phenomena being studied, This error pene- 
trates literally all the American books on the technical applications of random process theory, and many works 
of our scientists as well, In the book just cited of Laning and Battin, after a correct general definition of the 
spectral density of any random process, there is made the erroneous assertion that function (4) is one and the 
same for all realizations of the ergodic stationary random process, 


Despite this, a somewhat deeper study of the question immediately leads to the opinion that function (4) 
must be different for different realizations of the random process x(t), Indeed, if we apply the inverse Fourier 
transformation to formula (2), we get 


Aco (w) (5) 
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4 
z(t)= 
(t) 

It is clear from this that the function A, (w) is randorn, and has different realization for different realiza- 
tions of the random process x (t), since otherwise the function x (t) would be in no way random, This uncon- 
ditionally provides the foundation for considering the function S(w) random, A deeper investigation shows that 
the function A. (w) in (5) is white noise and, consequently, has an infinite dispersion, With this, function 


S( w) has a spectral deviation of the same order as its mathematical expectation, Therefore, formula (4) should 
be corrected, and the spectral density of a stationary random process should be defined as the mathematical ex- 


pectation of the function S(w) 


5 (o) = M[S(w)] = lim [| (6) 


What has been presented shows that it is important to develop scientific problems and concepts on the 
philosophical side, and the greatest aid in this matter is our book by V. I, Lenin, 


A, A, Fel'dbaum, in his co-report, considered certain aspects of cybernetic machines from the philosophical 
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position, He analyzed individual links in the entire process, going from the human being's cognition of ob- 
jective reality through the planning of controls to the direct control of the corresponding object. 


The relationship of sensation and thought with the external world of objective reality, which exists in- 
dependently of us, brilliantly investigated in the book by V. I. Lenin, has a direct relationship to cybernetics. 


Cybernetics considers the processes occurring in the nervous system (sensations) and outside of us from a 
single point of view, showing that at their foundations are the material processes of transmission and transforma- 
tion (processing) of information. This allows cybernetics to construct an analysis of the processes of sensation 
and thought on a material basis. Nevertheless, agnostics, and followers of Hume and Mach, deny in theory the 
possibility of studying the activities of the human brain by objective methods, 


In rejecting the contention of the Machians that the brain is not the organ of thought, and thinking is not 
the function of the brain, Lenin remained at the position of Engels which is that thought and consciousness are 
the products of the human brain, Lenin says that the sophism of the idealist philosophers consists in this: that 
sensations are taken, not as connecting consciousness —_ the external world, but as partitions, walls, separating 
consciousness from the external world, 


Thus, the materialistic approach discloses the relationships of sensation, consciousness with the phenomena 
outside of us, In the interpretation of cybernetics, this is expressed by the scheme of Fig. 1, where 1 and 2 are 


parts of the nervous system 


The unity of the processes occurring in the human nervous system and in the world about us is contained 
in their materiality, The transmission and processing of information in different material systems, independently 
of their concrete material substrata, are subject to certain general laws, disclosed by cybernetics, The brain, 
the nervous system (the organs of thought) are not excluded from these relationships. Although the processes in 
the nervous system include other forms of motion than those in “dead® nature, the unity cited above and the 
connection of the links in the chain are valid,irrespective of their physical nature. 


) Mechanism does not raise itself above the recognition of the primitive unity of phenomena, and reduces 
the higher forms of motion to displacements, Dialectic materialism recognizes the qualitative diversity of 
motion, in considering motion as change in general. Between the qualitatively different forms of motion, de- 
spite their essential differences, there is a connection. This connection is expressed in cybernetics in the form of 
the unitary approach to the consideration of processes of signal processing,irrespective of the construction and 
physical nature of the links in the chain of stimuli. 


Stimulus Sensation  |Consciousn 


Fig, 1 


The problem of cognition, which plays a large role in all sciences, is tremendously important in cyber- 
netics as well, One can adduce an illustration from cybernetics of the Marxist-Leninist theory of cognition 
which consists of this: that the chain of stimuli (the chain of causal connections), in the terminology of cyber- 
netics, is closed, From the point of view of cybernetics, the agnostic position may be presented as a rupturing 
of the closed chain connecting phenomena. 


"Whence do we know that beyond “sensations” there stand actual (real) phenomena ?" says the agnostic 
The Marxist answers him that we can verify the truth of our representation in practice; by acting on nature, by 
observing and by carrying out experiments to predict, or even to give rise to phenomena, The mass of human 
activity convinces us that our representation mirrors an objective activity, 


The human being knows by interacting with the world about him. The chain of cognition is closed via 
the activity of the human being (Fig. 2). Precisely in this closed circle does the process of cognition occur. The 
process of interaction in this circle is very complex and profound, The human being not only knows the world 
but also changes this world in the course of his activities, and is also changed himself. 


"The human being would not be adapted to his environment if his sensations did not give him an objectively 


correct representation it" (Lenin's Collected Works, vol. 14, p. 166), A more de- 
Man tailed process of interaction of the human being with nature is considered in terms 
of the example of the activity of the investigator (Cf, Fig. 3), Let it be required 
to develop an optimal control system of some complex object, Initially, it is 
necessary to study it, to know its characteristics, at least to a first approximation, 
On the block diagram of Fig. 3, this is represented by the presence of the block, 
"Cognition of object.” 


Nature 


For the cognition it is insufficient to observe the object passively, but it is 

Fig. 2. generally necessary to effect actions on it, for example, to take down its charac- 

teristics, Such actions do not have the task of optimization of the object's regi- 

men, These are the “cognitive” actions, experiments carried out on the object. The process of cognition does 
not reduce solely to the observation of reactions at the output to something at the input, since it is also nec- 
essary to construct hypotheses as to the structure of the object, and to verify them by acting on the object, This 
has greater value than the passive observation and collection of information, or even constructing tables of the 
relationships between inputs and outputs. The object can be considered as a “black box," as the thing in itself 
(der Ding im Sich), which, as a result of cognition, becomes “white” for us. When a definite degree of cogni- 
tion is attained, the following step begins: the planning of strategies, of ways to exercise control. In the proc- 
ess of the activities of this step there may be needed more precise knowledge than before of the properties of 
the object (the line drawn from block "Planning" to block "Cognition of object® on Fig. 3), Then the control 
system is implemented, and the control block begins to actually act on the object, It may turn out that the re- 
sults of this action are not qualitatively sufficient, Then, all this chain of actions will be repeated, but at an 
ever-higher level, until the required state of the control system is attained, 


Observation Object 
object 
| 
| 
| 
Control 
of object | it 
L Cognitive simul 
~~~ T¢(*reconnaissance 
reconnaissance” 
| 
Stimulus to the Plannin — 
“Planning™ block aa the “Control™ block 
Fig. 3 


The control syste is called upon to replace the human being along certain segments of his intellectual 
activity, The structure of the complex automatic system of the future is given in the same form as the block 
schematic given above, but the operations in is are carried out without direct human intervention, In this sys- 

n tem, the process of knowing (learning) the properties of the object will be simulated, This will be implemented 
by a “Cognition of object" block which, by observing the reactions of the object, by experimenting with it, by 
constructing hypotheses and checking them, will determine the probable characteristics of the object, Even to- 
day there exist “embryos” of this block: The reacting organ of an automatic control system. In a more developed 


" form, this block is the self-adjusting system, carrying out trial motions — “experiments” — with the object and 
determining from their results the configuration of its characteristics, Such a system will contain both a block 
for "Planning of control" (in contemporary automata, its embryo is the control block) and a block for "Execu- 

vely tion of control" (this is the executive organ, or even the whole automatic regulator, in modern automata), 
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As applied to the operation of automata, the word “cognition” should stand within quotation marks, In- 
deed, in the final analysis, it is not the automation that knows, but the human being: he does this, however, with 
the collaboration of his tools such as machines, including machines for control, The information about the ob- 
ject's characteristics collected by the automaton only enriches the cognition process when it reaches the human 
being. The fact of the matter is that, if the scheme of Fig, 3 were the schematic of an automatic control sys- 
tem, it would be necessary to add lines to it connecting it to a human being. The latter can not take direct 
part in the control processes of this system, but it was he who constructed it, who placed its program of actions 
in it, i.e,, he acted on it, Further, the results of the operation of this system, destined for human beings, are 
supplied to them in acting on them. Thus, the total structure of the interconnections of an automatic system 
ineluctably includes the human being as the central link, 


S. M, Shalyutin, in his co-report, showed that the idea of mechanizing intellectual tasks, and using ma- 
chines for solving logical problems, is profoundly materialistic, Not only the content, but also the form, of 
thought are mirrored in the external world, 


The relationships of concepts, the determination of the correct forms of these relationships, this being one 
of the important conditions for true thought, is a <eflection of general and stable relationships between things. 
Lenin showed that the “logical figures” are the most common relationships between things. These relationships 
of things are imprinted on the consciousness of human beings in the guise of forms of thought in the processes 
of practical human activity, Therefore, the study of the forms of thought may, and must have a definite value 
even outside of logic. 


The basic laws of formal logic have as their principal ontological content the relative stability of things, 
their qualitative determinateness, etc, 


A developed logical apparatus may serve as a powerful instrument in the investigation and synthesis of 
those objective systems in whose functioning the ontological content of logical forms and structures plays an 
essential role, in particular, a number of classes of relay systems, Their functioning is subject to the law of the 
excluded middle: each relay is of necessity found in one of two states and, moreover, only in one of them, The 
same is also true of the system as a whole, With this, the state of the system as a whole is a function of the 
states of its elements, 


The abstract results of logic find an ever greater number of extralogical (technical and other) applica - 
tions, first, because they mirror reality and, consequently, may serve as ameans for studying that reality in- 
directly; secondly, because they mirror relationships which occur very widely in reality, and may therefore he 
interpreted in multitudinous ways. 


From the fact that logical structures are images of reality also flows the theoretical possibility of the exist- 
ence of logical machines, 


The content and form of our cognition have their analog in objective processes. There is therefore the 
objective possibility, by basing ourselves on a knowledge of logical laws (and, by this, on certain laws of reality), 


of artifically organizing processes whose results would be human knowledge at the output, 


Today, machines allow us to carry out the solution of a number of difficult mathematical problems, prob- 
lems of controlling production. From these achievements, cybernetics draws certain false conclusions, in partic- 
ular, thought is identified with processes in automata, Indeed, there is a definite likeness between automata 
and thinking beings, but this likeness cannot be rendered absolute; it is not an identity. 


The problem of distinguishing between concept formation in human consciousness, and the symbolization 
of constant properties of an external field by an automation, is a complex problem containing a number of as- 
pects. Consciousness is a social product. In the process of working, the human being changes nature in his in- 
terests, and from this stems the purposeful activity, without which there would be no work processes, To attain 
his goals, the human being uses the materials of labor. And any cybernetic system remains in the productive 
process in the function of a means of labor, because production does not alter a natural thing in its interests, and 
it is not from it that, in the final analysis, the purpose of the process stems, This system is only a means for 
reaching a goal. 


People in the processes of production enter into economic relationships with one another, 


On this basis, the ideology is formulated, The hyman consciousness not only fixes the presence of definite 
orders, but also includes in itself the relationships to them, An automaton, even though capable of symbolizing 


certain sides of societal activity, cannot “relate” to them, It is meaningless to speak of the opinions, the ideolo- 
gles, of an automaton, 


A human being in the process of his practical activity becomes a subject, an “I", separating himself from 
the means and setting himself up in opposition to them, 


The objective opposition of man and nature, which is realized in labor, also gives birth to the opposition 
of nature and man in the guise of subject and object, An automaton is not a subject, but an objective material 


element of production, in opposition to the human subject, Thought is a function of the human brain — the 
product of a long biological and societal history. 


The aspects just considered may serve as approaches to the problem of distinguishing thought from the proc- 
esses in an automaton, Insofar as the machine does not think, it is meaningless to argue as to whether or not 
a machine might be cleverer than man, its creator, 


Man, equipped with machines, is capable of solving problems which he would be incapable of solving 
without them, From the fact that machines cannot think, it does not at all follow that the machine can solve 
only very simple problems, The capabilities of cybernetic systems, constructed by technicians, are impossible 
to determine simply by starting from the fact that the machine is not a subject, 


From this point of view, the attempts to limit cybernetics are unfounded, From the fact that technological 
cybernetic systems do not think, it does not follow at all that they might not be used for simulating definite sides 
of thought processes, A similar aspect is presented by the one-sided absolute difference imputed to exist be- 


tween thinking beings and automata, It is not less harmful than the imputation of an absolute likeness between 
them. 


In the process of developing new branches of knowledge, cybernetics among them, there is great value in 
the methodological working out of questions, The Academic Council adopted a resolution to continue work in 
this direction and, in particular, to prepare for, and hold, a scientific colloquium for discussing the most impor- 
tant questions connected with cybernetics, particularly those which affect the problem of constructing the ma- 
terial-technological basis of communism, In the discussions of these questions there will take part, both spec- 
ialists in the domain of cybernetics, and specialists in various domains of natural science and philosophy. 


D, Ya, Libenson 
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